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Introduction 


Electrical engineering has to do with practical applica- 
tions of electric energy. This includes electric power gene- 
ration, distribution, and conversion. Electric energy has 
very valuable properties: it can easily be derived from other 
forms (mechanical, chemical, etc.), transmitted with low 
losses for hundreds or even thousands of kilometers to homes 
and plants, distributed among users and converted back 
into mechanical, thermal, chemical, and other necessary 
forms. Electricity makes it possible to utilize the inexpensive 
energy accumulated by Nature (energy of falling water), or 
to cut down its cost (such as when generated by burning peat 
or low-grade coal). 

Used on a large scale in all fields of national economy and 
everyday life, electricity promotes the introduction of advan- 
ced machinery and complex process mechanization and auto- 
mation into industry. It has given life to new industrial 
processes, such as electric welding, electrolysis, and harde- 
ning by high-frequency currents. Owing to its abundance 
and low cost, electricity has provided novel approaches to 
many problems of industrial production and enabled many 
breakthroughs in science to become everyday practice and 
to raise labour productivity. 

Electronics, which has now become a division of electri- 
cal engineering in its own right, considers the principles of 
operation, design and application of semiconductor, vacuum 
and gas-filled devices in science, various industries, and 
technology. For example, semiconductor and_ gas-filled 
rectifying devices are used in power engineering to convert 
alternating current to direct current for electric drives, 
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electric traction, electrochemical and other production 
processes. 

Without semiconductor, vacuum and gas-filled devices it 
would be impossible to effect process automation, that is, to 
regulate and control production processes. 

Rapid advances in computer engineering have made it 
possible not only to raise the performance of automatic 
control systems to a new level, but also to tackle nation- 
wide economic problems. 

Electric and electronic devices for the generation, pro- 
cessing, transmission and display of data are key elements 
of automated management and control systems at any level. 

Technologies have been developed by which a great num- 
ber of circuit components (diodes, transistors, resistors, 
capacitors, etc.) can now be made in the form of film micro- 
circuits and assembled into sophisticated systems. In the 
manufacture of these microcircuits, use is made of electron- 
beam and laser equipment. Electronics has found uses in 
the manufacture of superhigh-purity materials, such as 
tungsten, molybdenum, tantalum and niobium, essential 
to modern technology. It is obvious that a firm knowledge 
of the fundamentals of applied sciences, notably electrical 
engineering and electronics, is essential to any one who 
wishes to gain insight into present-day technology. 


Part One_ Electricity 


Chapter Electric 
One Field 


1-1. General 


Any body is made up of elementary particles, each carrying 
an electric charge*. For example, a proton carries a positive 
charge and an electron, a negative charge. Some charged 
elementary particles make up atoms and molecules of sub- 
stances, others are in the free state. A charged body is one 
in which positive charge prevails over negative or vice 
versa; an electrically neutral body has an equal number of 
negative and positive charges. 

Moving elementary particles carrying electric charge, or 
simply electric charges are inseparable from the surrounding 
electromagnetic field which is a form of matter. The electro- 
magnetic field consists of two interrelated components, an 
electric field and a magnetic field. Their existence is revealed 
by the action they produce on charged elementary particles 
or bodies. 

Unlike charges attract and like charges repel one another. 
Since a charge cannot be isolated from the surrounding mag- 
netic field, charged bodies interact via the electric field. 

As the electric field exerts a force on any electrically char- 
ged body or particle placed in it, it is capable of doing work. 
Therefore, the electric field possesses what is called electric 
energy. 

Electrically charged particles of a substance and their 
electric field are two inseparably linked forms of matter. 


* Electric charge is a property of material particles or bodies, 
which characterizes their interaction with their own and an external 
electromagnetic field. As electric charge is a property of material 
particles or bodies, it cannot be divorced from matter; yet, when con- 
sidering electromagnetic effects, it is customary to use “charge” in the 
sense of charged particles or bodies. In a quantitative definition, 
charge is synonimous with “quantity of electricity”. 
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Fig. 1-1. Electric field between 
two parallel plates carrying 
dissimilar charges 





Any point in an electric field can be characterized in 
terms of electric field strength, 6. 

Electric field strength is the ratio of the force F that the 
field exerts on the point test charge Q placed at the point of 
interest, to this charge, that is, 


€ =F/Q (1-1) 


A point test charge is a charged body very small in size, 
whose charge is so negligible that it does not practically 
distort the field being considered. 

If Q is taken equal to unity (one coulomb), é is numeri- 
cally equal to F, so the electric field strength at a point is 
numerically equal to the force per unit charge. 

The electric field strength is characterized not only by 
its magnitude, but also by the direction in which the field 
exerts its force on a stationary positive charge at a given 
point. Thus, the electric field is a vector. 

Figure 1-1 illustrates the vector of an electric field be- 
tween two parallel plates with charges +Q and —Q. 

The electric field is graphically represented by electric 
lines of force. An electric line of force should be drawn in 
such a way that at any point the electric field vector is 
directed along a line tangent to it at that point. 

An electric line of force begins at a positive charge and 
ends at a negative one, so it is an open line. 

If we take a unit area (for example, 1 cm?) normal to the 
vector and draw so many lines through it that their number 
is equal or proportional to the electric field strength in this 
area, the density of lines will characterize the magnitude 


of the electric field strength. 


A field is said to be uniform, if its vector is the same at 
uny point in space. An example is the electric field between 
yurnllol plates (Fig. 4-1), in an area sufficiently distant from 
the edges. 


1-2. Voltage. Potential 


Suppose that a positive test charge Q has been moved by a 
uniform field from point M to point N spaced a distance l 
(lig. 1-2) apart. 

‘he work done by the field on the charge, or the potential 
morgy expended, is: 

W = FI 
or, in view of Eq. (41-1), 
W = Fl= €QI1 (1-2) 


The quantity defined by the ratio of the work done in 
moving a charge Q between two points in the field to the 
charge is called the voltage between points M and WN. So, 


V = W/Q 


Thus, the voltage between two points is numerically equal to 
the work done by the field in moving a unit positive charge 
hetween these two points. 

Since W = €Ql, we may write 


V=W/Q=€601/0=61 (1-3) 


In the International System of Units, the unit of length 
in the metre (m); the unit of mass is the kilogram (kg); 
to unit of time is the second (s); the unit of force is the 
nowton (N); the unit of work is the joule (J); the unit of 
wloctric charge is the coulomb (C); the unit of voltage is 
the volt (V). 

According to Eq. (41-3): 


1V=1I)1C 
lsy Eq. (4-3), the electric field strength may be defined as 
6é=V/l (1-4) 


Ilonce, the electric field strength has the dimension of volts 
por metre: 


(é| = V/m 
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Fig. 1-2. Motion of an electric 
charge +-Q in a uniform field 





The voltage between a given point / in an electric field 
and any other point in the same field, whose potential is 
assumed equal to zero, is called the potential (q@) of the given 
point. The potential of the earth’s surface is frequently 
taken as zero. The potential of a point in a field is nwmeri- 
cally equal to the work that the field would have to do in mo- 
ving a unit positive charge from that point to the point whose 
potential is taken as zero. 

When a unit positive charge is moved from point M with 
a potential @m,, to point N with a potential gy, the work 
done by the field, that is, the voltage between these points, 
is equal to the potential difference: 

Vurn = 9m — Pn (1-5) 
or in words, the voltage between two points in an electric 
field is equal to the potential difference between them. Poten- 
tial is measured in volts, the same units as voltage. 

If all points on a surface have the same potential, the 
surface is called equipotential. 


1-3. Electric Conduction 


In the chemical elements that make up any substance, 
every atom consists of a positively charged nucleus around 
which are distributed negatively charged electrons. Atoms 
are usually electrically neutral, because the charge onthe 
nucleus is equal to the total charge on the electrons. 

When a neutral atom or molecule loses an electron, it 
turns into a positive ion. The electron which has left the 
atom either attaches itself to another neutral atom to form 
a negative ion or remains free. Such free electrons are called 
conduction electrons, and the process by which ions are for- 
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mod is identified as ionization. The number of free electrons 
or ions per unit volume of a material is termed the concen- 
tration (or number density) of charge carriers, symbolized by 
the letter ‘“n”. 

When a material is placed in an electric field, the field 
forces cause a directed flow of charge carriers (conduction 
electrons or ions), which is referred to as an electric cur- 
rent. The property of a material to produce an electric cur- 
ront under the action of an electric field is called electric 
conduction. The extent of this property is called the conducti- 
vily of that material (see Sec. 2-4). The electric conductivity 
of a material depends on the concentration of charge carriers 
nnd increases with concentration. According to their con- 
ductivity and the manner in which some physical factors 
uffect it, all materials can be divided into conductors, diele- 
elrics (insulating materials) and semiconductors. 

Conductors have high conductivity; among them are most 
metals and their alloys, carbon, electrolytes (aqueous solu- 
tions of salts, acids and alkalis), and melts. 

In contrast, dielectrics possess insignificant conductivity; 
umong them are gases, mineral oils, varnishes and a great 
number of non-metallic substances. 

Semiconductors have conductivity which is between those 
of metals and dielectrics. They include such elements as 
silicon, germanium and selenium, or oxides of metals. A ty- 
pical feature of semiconductors is that their conductivity 
strongly depends on external factors. 

ach electron in an atom can take only a discrete set of 
values for its energy, that is, its energy can change in cer- 
tain small portions called quanta and it may only occupy 
certain permitted or allowed energy states or levels. The 
transition of an electron to a higher energy level, that is, 
lo a more distant orbit, requires some energy to be spent to 
overcome the force of attraction by the nucleus. Thus, the 
«lectrons more distant from the nucleus havea greater amount 
of energy. The transition of an electron to a lower level is 
uccompanied by the emission of the energy given up by the 
atom. 

In solids which consist of a multitude of atoms, the energy 
levels, due to the mutual influence of adjacent atoms, fall 
into groups, or energy bands. These bands are separated by 
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Fig. 1-3. Energy levels 

(a) conductor; (b) dielectric; (c) semiconductor; 1—allowed 

(empty) band; 2—forbidden band; 3—filled band 

areas where there can be no electrons and are known as 
forbidden bands or energy gaps. 

The energy bands corresponding to the permitted levels 
can be divided into a filled band and an empty band. In 
order to provide electric conduction, some electrons must 
leave the filled band and move to the empty band. The 
possibility of such a transfer is determined by the width of 
the forbidden band, and the energy that must be spent for 
this transfer is in proportion to the width of the band. 

The difference in electric conductivity between conductors, 
semiconductors and dielectrics can be explained by diffe- 
rences in their structure. According to the band theory of 
solids, metal conductors have high electric conductivity 
due to the fact that their filled bands closely adjoin the 
empty bands (Fig. 1-3a). In this case, the electrons in me- 
tals are free to move from the filled to the empty band. So in 
metal conductors, the electrons can easily be made free. 
This easily obtainable considerable concentration of elect- 
rons ensures high electric conductivity for conductors. 

When a voltage is applied to a conductor, it sets up an 
electric field. This field turns the random motion of free 
electrons into a regular one, and they flow in the direction 
opposing the direction of the field (because they are nega- 
tive), so an electric current begins to flow in the conductor. 

When the filled and empty bands of a material are separa- 
ted by asufficiently broad energy gap (Fig. 1-3b), the latter 
does not practically allow electrons to move into the empty 
band. Thus, both the concentration of free electrons and 
conductivity of the material are negligible, so this material 
is a dielectric, 
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In semiconductors, the energy gap is much narrower than 
it is in dielectrics (Fig. 1-3c). Consequently, a small amount 
of excitation is sufficient to move electrons to the empty 
band; such an excitation can be provided, for example, by 
the build-up of thermal motion of atoms with a rise in 
ltomperature. Because of this, semiconductors possess con- 
ductivity which is between those of conductors and diele- 
ctrics and strongly depends on external factors, for example, 
tomperature. 

Conductors in which an electric current is carried only by 
the flow of electrons are said to possess electron (or electro- 
nic) conduction; they are also referred to as conductors of 
the first type. These are mainly metals and alloys. 

Conductors in which an electric current is carried by the 
flow of positive and negative ions are said to have ion (or 
ionic) conduction; they are called conductors of the second 
type. Among them are electrolytes, that is, aqueous solu- 
tions of acids, salts and alkalis. 


1-4. Capacitance. Capacitors 


An electric capacitor is a system of two conductors (plates) 
separated by a dielectric. 

Examples of natural capacitors are a pair of power-trans- 
mission line wires, two cable conductors, a cable conductor 
and its sheath, or a partition insulator (isolating a wire 
from a wall or a metal case). Various types of capacitors 
are widely used, in particular, capacitors formed by parallel 
metal plates isolated from each other. 

The graphic conventions of capacitors are shown in 
Fig. 41-4. 

The plates of a capacitor accumulate and store charges 
equal in value and opposite in sign. The electric charge Q 
on each plate is in proportion to the voltage V between the 
plates; this suggests that 


Q=CV 


The quantity C equal to the ratio of the charge on one 
plate to the voltage between the plates is called the capa- 
citance of a capacitor. Mathematically, it is written 


C=QIV (1-6) 
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(a)  (h) 
Fig. 1-4. Graphic conventions Fig. 1-5. Plane-parallel  ca- 
for capacitors pacitor 
(a) fixed capacitor; (b) variable 
capacitor 


In the International System, the unit of charge is the 
coulomb and the unit of voltage is the volt; so the unit of 
capacitance is the coulomb divided by the volt. It is called 
the farad (F): 

1 farad = 1 coulomb/1 volt 


In practice, use is made of smaller units, such as the 
microfarad (4 uF = 10-° F) or the picofarad (1 pF = 
== 10-* -F), 

The capacitance of a capacitor depends on the shape and 
size of its plates, their relative position, the spacing be- 
tween them, and the properties of the dielectric separating 
the plates. 

For example, the capacitance of a parallel-plate capacitor 
whose plates are placed in a vacuum (Fig. 1-5) is 


C= £9/d 


where S = area of the plates, m? 

d = spacing between the plates, m 

€) = electric constant characterizing the electric field 
in a vacuum 

The dimension of the electric constant is 


Cd 1 faradxX metre _ farad 
(e1=[ = |= metre2 ~ metre (F/m) 


The value of the electric constant depends on the system 
of units adopted. In the International System, it is 


Eo = 1079/36n = (approx.) 8.85 x 107-!2 F/m (1-7) 
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The dielectric properties of various materials can be com- 
pared with the properties of a vacuum. 
-If the space between the plates of a parallel-plate capaci- 
tor is filled with a dielectric, its capacitance will rise e, 
times, and will be given by the following formula 


C = &8,S/d = e,S/d (1-8) 


The multiplier e, called relative permittivity (or dielectric 
constant), is a dimensionless number. The relative permitti- 
vities of some dielectrics are given in Table 1-1. 


Table 1-1 


Characteristics of Some Insulating Materials 


F oa e,. p 

Material <2 

103 kV/m]| — ohms m 
Oil-treated paper 10-25 3.6 — 
Air 3 1 — 
Paper-base laminate 10-15 4-7 108-1010 
Micanite 15-40 5-6 10°-4011 
PVC 32.5 5 4012 
Rubber 15-20 3-6 1011-4012 
Glass 10-15 6-10 1012 
Mica 90-100 5.4 3X 1011 
Sovol 15 5.3 4022-1012 
Transformer oil 5-18 2-2.5 | 5x 1012-5x 1013 
Porcelain 15-20 5.0 412.4018 
Electric-grade pressboard 8-12 3-5 108-108 





The product of the relative permittivity and electric 
constant of a medium gives its absolute permittivity: 


Capacitors are made in a variety of sizes, that is, capa- 
citances (1 pF to 1000 pF), with nominal voltages up to 
100 kV, and differing in design and application. 

Paper, mica and ceramic capacitors are used both in d.c. 
and a.c. circuits, whereas electrolytic capacitors are used only 
in d.c. circuits. 

A paper capacitor (Fig. 1-6) consists of two long tapes of 
aluminium foil interleaved with paraffin-treated paper. 
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Fig. 1-6. Paper capacitor 
F—foil; PP—paraffin-treated pa- 
per 





Electrolytic capacitors employ the aluminium oxide film 
on one of the plates as the dielectric. The other plate is paper 
or cloth soaked with a thick solution of an electrolyte. 


1-5. Connection of Capacitors 


In order to obtain a necessary capacitance or when the 
line voltage exceeds the nominal voltage of a capacitor, ca- 
pacitors can be connected in series, in parallel or in series- 
parallel. 

In a series arrangement of capacitors (Fig. 1-7), each capa- 
citor has the same charge because the charge is applied from 
the power source only to the outer plates, while the charges 
on the inner plates are produced upon the separation of 
charges which earlier cancelled one another. 

Calling the charge of one capacitor Q, we may write for 
two capacitors connected in series 


V; = Q/C, and V, = Q/IC, 


that is, the voltage across the capacitors is not the same 
for different values of capacitance. 
Expressing the voltage across the terminals of the circuit 


V=V,+4+ V, 


in terms of the ratio of the charges to the capacitance of the 
capacitors, we get: 


Q/IC os Q/C, ae Q/C, 
or, eliminating Q, we obtain in the final form 
1/C = 1/C, + 1/C,: (1-9) 
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Fig. 1-7. Series connection of Fig. 1-8. Parallel connection 
capacitors of capacitors 


Hence, the total or equivalent capacitance of two capacitors 
connected in series is 
CxC 
C= 1-10 
Cyt Cy ( 
In a parallel arrangement of capacitors (Fig. 1-8), the 


voltage across each capacitor is the same. The charge on 
each capacitor is 


Q, == CLV and Q, = CV 


The charge received by all capacitors connected in paral- 
lel is equal to the sum of the charges of the individual capaci- 
tors. For two capacitors connected in parallel 





Q = QC; =F Q, 
Hence, the total or equivalent capacitance is 
C= QIV= St —C, 46, (4-11) 


that is, the sum of the capacitances of the individual capa- 
citors. 

Given any number of capacitors arranged in series or in 
parallel, it is easy to define their equivalent capacitances 
using Eqs. (1-9) and (4-41). 


Example 1-1. Determine the equivalent capacitance of two 
capacitors connected in series and in parallel: C, = 2 uF; 
C; —= 4 uF. 

Solution, 
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For the series connection of the capacitors, the equivalent 
capacitance is 

5, Mee 22 

~ Cy +0, 244 


In the case of the parallel connection, the equivalent ca- 
pacitance is 


C=0,10C,=24+4=6 pF 


=1.33 uF 


1-6. Energy of the Electric Field 


When the voltage across a capacitor connected to a power 
source is raised, the charges on its plates and the electric 
field strength of the dielectric increase, too. Naturally, the 
electric field energy of the capacitor builds up as well, due 
to the power supplied from the source. 

The increase in the voltage across the capacitor, dV, brings 
about an increase in the electric field energy, Eq. (1-3), of 
the capacitor 


The total amount of energy W,, accumulated in the elecr 
tric field of the capacitor during the rise in the voltage 
across its terminals from v; = 0 to ve = V¢ can be deter- 
mined by summing the elementary energies dW. Thus, the 
electric field energy of the capacitor can be written 

Ve Vo 


cV2 
Wo= \ Qdve=C | vedve= = Se (1-12) 
0 








2 
Vo=0 

If we disconnect a charged capacitor from its power source 
and connect together (short-circuit) its plates through a 
conductor, the capacitor will discharge, and the short-duta- 
tion discharge current will generate in the conductor an 
amount of heat which is equivalent to the potential field 
energy of the charged capacitor. 


Example 1-2. Determine the energy accumulated in the 
electric field of a capacitor with a capacitance of 10 uF, if 
the voltage across the capacitor is 300 V. 

Solution. 
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The energy of the electric field is 


Wo =CV3/2= — —0.45 J 


1-7. Polarization of Dielectrics 


In a dielectric placed in an electric field, tle field forces 
shift the electron orbits in a direction opposite to the field, 
so the atomic nuclei are ne longer at the centre of the orbits 
(Fig. 1-92) but some distance from it (Fig. 41-9b). 

As far as electric properties are concerned, such an atom 
may be treated as an electric dipole, that is, a pair of oppo- 
site point charges separated by a small distance / (a dipole 
arm) from each other. The charges forming the dipoles of a 
dielectric are called coupled, and the product of the charge 
Q and the arm / is termed the electric moment of a dipole, or 
the dipole moment 


p=Ql 


The electric moment is a vector directed from the negative 
to the positive charge of a dipole unit. 

Thus, when placed in an external electric field, atoms be- 
come dipoles, and their dipole moments p tend to orient 
themselves in the direction of the external field. When the 
electric field is removed, the shift of the electron orbits 
vanishes, too. This shift is called the polarization of a diel- 
ectric. 

Polarized atoms and molecules set up an electric field of 
their own, which is opposite to the direction of the main 
field, thereby causing the main field to weaken. The polari- 
zability of a dielectric under the action of an electric field 
is defined in terms of its permittivity which shows how many 
times the main field weakens due to polarization. 

In a dielectric subjected to an alternating electric field, 
the shift is also alternating, and this causes the dielectric to 
heat. 

The faster the electric field alternates, the more the diel- 
ectric heats. This effect (dielectric heating) is used to dry 
dielectrics or to carry on chemical reactions requiring ele- 
vated temperatures. The energy per unit volume spent to 
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Fig. 1-9. Unpolarized molecule 


(a) in the absence of an external field; (b) in the presence of an external field; 
(c) an equivalent dipole 


heat a dielectric by an alternating shift of charges is termed 
specific dielectric loss. 

If the applied electric field is too strong, the dielectric 
will break down, i.e., it will be locally destroyed. The res- 
pective value of electric field strength 6,4 is called the 
dielectric strength of the material, and the respective voltage 
is termed the breakdown voltage Vyq. 

The breakdown of a dielectric may take several forms. 

One of them is due to the fact that the applied electric 
field causes the few available electrons to reach a certain 
critical velocity sufficient to break away new electrons from 
the neutral atoms and molecules of the dielectric; this 
leads to impact ionization followed by breakdown. Another 
form is due to the heating of a dielectric in an electric field. 
In this case, the dielectric is damaged thermally, for exam- 
ple, cracks, chars, etc. The heating may be caused by dielec- 
tric loss, an increase in the conductivity of the dielectric, or a 
considerably disproportionate rise in volume current (see 
Sec. 2-4) due to an increase in voltage. 

The dielectric strength of a material depends on several 
factors: voltage, rate of voltage change, time of exposure to 
voltage, form of the electric field (shape of electrodes), 
thickness of the material, its temperature, humidity, and 
pressure (in the case of gases). 

For reliable operation of an electric device, it is impor- 
tant that all its dielectric parts shall not be exposed to ele- 
ctric field strengths exceeding a maximum safe (or allow- 
able) value which should be a fraction of the dielectric 
strength. The dielectric strength of some materials is given 
in Table 1-1. 
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Example 1-3. A sheet of electric-grade pressboard 0.3 cm 
(3 x10-% m) thickfis clamped between two flat metal elect- 
rodes. Determine the maximum safe and breakdown vol- 
tages. The maximum safe voltage should be one-third of the 
breakdown voltage. 

Solution. 

According to Table 1-1, the dielectric strength of press- 
board is 64, = 10 x 10° kV/m. 

The breakdown voltage is 


Veq= E,qa = 10 x 108 x 3 x 10°? = 30 kV 
The maximum safe (or allowable) voltage is 


V,=Voa/3 = 30/3 =10 kV 


1-8. Electric Insulating Materials 


An electric insulating material is that which has a negli- 
gible electric conductivity. 

Electric insulating materials are used in electric devices 
to insulate conductors or parts operated or held at different 
potentials. They should have a sufficient dielectric strength 
(see Table 1-1), high volume and surface resistivity (see 
Sec. 2-4), high stability of electrical and mechanical cha- 
racteristics, and low dielectric loss. Mechanical, thermal 
and other properties are also important. 

This diversity in requirements has led to the use of a 
great number of different electric insulating materials which 
may be classified in many ways. For example, there are 
gaseous, liquid and solid insulating materials; organic and 
inorganic materials. Also, they are divided into many clas- 
ses according to their heat resistance. 

Gaseous Insulators. The principal gaseous insulator is 
air, At a normal temperature of +20°C and a normal pres- 
sure of 0.43 MPa (760 mm Hg), the dielectric strength of 
air (3 xX 10% kV/m) is lower than that of most liquid and 
solid dielectrics. Therefore, the air gap breaks down some- 
times near the surface of a dielectric, and this is called surface 
breakdown. 

Hydrogen, carbon dioxide, nitrogen and inert gases are 
also used as insulators. 
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Liquid Insulators. Liquid insulators are mineral oils, 
synthetic liquids, resins and varnishes. 

Mineral oils are obtained from petroleum by distillation 
and comprise mixtures of liquid hydrocarbons. They are 
used in oil transformers, oil circuit-breakers, cables and 
capacitors. 

In transformers, oil is used to insulate current-conducting 
parts and cool them by convection, i.e., transfer heat by 
its circulation. 

In oil circuit-breakers, oil additionally quenches the arc 
as the circuit-breaker is opened. 

In cables and capacitors, it is used to treat paper insu- 
lation. 

Oil should have a high dielectric strength (10 to 20 MV/m). 
As the strength drops sharply in the presence of moisture, 
oil should be dried and purified before use and regularly 
in service. Some characteristics of oil are given in Table 1-1. 

Sovol, a Soviet-made artificial liquid insulator, is a 
mixture of variously chlorinated molecules of diphenyl. It 
is used instead of mineral oil to impregnate and fill capa- 
citors. This treatment doubles their capacitance. 

Transformers are also filled with Sovtol which is Sovol 
diluted with trichlorbenzene. As Sovtol does not burn, the 
transformers filled with it are fire-proof. 

At low temperatures, resins are amorphous vitreous mate- 
rials. When heated, they become first plastic, then liquid. 
Resins do not absorb water and do not dissolve in it, but 
they dissolve in alcohol and other solvents. Resins are the 
most important components of many varnishes, plastics and 
films. 

Natural resins are obtained from excretions of certain 
insects (for example, shellac) or from the sap of trees. 
Most important are synthetic (polymeric) resins such as po- 
lyethylene and PVC (see Table 1-1). Plastics based on them 
are used as wire and cable insulation, protective coatings, 
and in the manufacture of varnishes. 

Varnishes are solutions of resinous materials, such as 
gums, bitumens, drying vegetable oils (for example, linseed), 
and cellulose ethers. As they dry, varnishes form a hard 
coating. Varnishes serve to impregnate insulators to protect 
them against exposure to moisture and chemically active 
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media, and also to bond together sheets of mica, paper and 
fabric. 

Solid Insulators. Solid insulators are the most numerous 
group of insulating materials (see Table 1-1). 

1. Fibrous organic materials, such as paper, pressboard, 
fibre, cloth, are made of fibres of wood, cotton or capron. 

They possess flexibility, sufficient mechanieal strength 
and appreciable hygroscopicity (tendency to absorb water) 
which can be reduced by impregnation with mineral oil or 
compounds. 

Paper is mainly manufactured from wood. There exist 
several grades of insulating paper: for cables, capacitors, 
bakelite sleeves, electrical-sheet steel insulation, etc. 

Pressboard is made of cellulose under pressure. It is wide- 
ly used for spacers in electric devices, transformers and 
other apparatus. 

Vulcanized or hard fibre is produced by treating porous 
cotton-base paper with zinc chloride. Fibre is made into pa- 
nels, mounts, bushings, etc. 

Paper-base laminates consist of many sheets of paper 
pressed together and bonded with bakelite varnish. 

2. Plastics are mixtures consisting essentially of binders 
and fillers. Binders are polymers (synthetic resins) and also 
liquid glass or cement. 

Plastics are widely used in electrical engineering as in- 
sulating and structural materials. 

3. Elastomers are materials possessing elasticity, that 
is, they readily elongate when stretched and restore their 
former size and shape when the load is removed. 

Rubber (natural and synthetic) has high elasticity and 
low penetrance for moisture and gases. 

Vulcanized rubber is an elastic material obtained by the 
addition of sulphur to rubber, followed by vulcanization at 
an elevated temperature. Vulcanized rubber containing 1 to 3 
per cent sulphur is soft and elastic; a rubber compound con- 
taining 25 to 50 per cent sulphur is called hard rubber (or 
ebonite); it is a nonelastic material which can be worked 
and machined. 

Nowadays, rubber is being replaced by elastic plastics 
such as PVC or polyethylene which can better resist attack by 
alkalis, acids and mineral oils. 
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4. Glass is made by fusing together silica (SiO,) and ox- 
ides of sodium, potassium and calcium, followed by cooling. 
Ordinary glass is brittle. Special grades of glass are made 
break-prool. 

In electrical engineering, glass is manufactured into in- 
sulators, envelopes for lamps and radio tubes. 

Glass fibre and cloth are used to insulate wires intended 
for operation at high temperatures. 

o. Electrical porcelain is made from kaolin (china clay), 
fireclay, quartz and feldspar. Porcelain products are dipped 
in glaze and then fired to convert the glaze into a glass 
coating which reduces the moisture absorption of porcelain. 

Porcelain is highly resistant to mechanical and electrical 
factors and heat. It is widely used to manufacture low- and 
high-voltage insulators. 

6. Mica is a mineral of crystalline structure, which can 
easily be split into flakes (known as splittings). It is highly 
resistant to heat, moisture, and has excellent insulating 
properties (see Table 1-1). 

Micanite (which is a trade name) is composed of mica 
splittings bonded together by varnish or resin. It is made 
into various washers and used in the manufacture of moul- 
ded products. 

7. Paraffin wax is a substance obtained by the distilla- 
tion of petroleum. It does not absorb water and melts at 
50°C. Paraffin wax is used for impregnating paper, press- 
board, wood, etc., so as to reduce their water absorption. 


Chapter Direct-Current 
Two Circuits 


2-1. Electric Current 


In the absence of an external electric field, free electrons 
in a metal conductor move at random and the electric charge 
transferred through the conductor is on the average equal 
to zero. 

In the presence of an electric field 6 = V/I directed along 
the wire, the free electrons are accelerated in the direction 
opposite to the field. As a result, the free electrons other- 
wise moving about at random are all set in a uniformly 
accelerated motion in the above direction. An electron re- 
mains in accelerated motion until it collides with an ion in 
the crystal lattice of the wire metal, after which it resumes 
its motion. Thus, the presence of a longitudinal electric 
field causes a certain electric charge to flow through any 
cross-section of a wire. The flow of charged particles in a 
conductor under the influence of an electric field is called 
an electric current. 

Electrolytes (solutions of acids, salts and alkalis) are all 
ion (or ionic) conductors. Some molecules of the electrolyte 
are decomposed by the solvent into positive and negative 
ions which, like electrons in a metal, move about in the 
conductor. In ionic conductors, molecules of hydrogen and 
metals make up positive ions; molecules of nonmetallic 
radicals form negative ions. 

Let us apply a voltage to two electrodes immersed into an 
electrolyte (Fig. 2-1). The electric field will cause positive 
ions to move to the negative electrode (cathode) and nega- 
tive ions to the positive electrode (anode). This motion of 
positive and negative ions in the electrolyte caused by the 
electric field is an electric current. When they reach the 
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electrodes, the ions either deposit at the electrodes or react 
with them. At the anode, the negative ions of the electro- 
lyte give up their electrons, and these then move around the 
circuit. At the cathode, the positive ions of the electrolyte 
combine with the free electrons coming from the circuit. 
Thus, in the wires leading from the power source, the free 
electrons move towards the cathode. 

Current flow in electrolytes results from the transfer of 
the constituent particles of their substance. 

According to Faraday’s law, the amount of any substance G 
deposited or dissolved at the electrodes is proportional to the 
quantity of electricity passing through the electrolyte, that is: 


G=cQ (2-1) 


Here, “c” (“z” in Britain) is the constant of proportionality, 
called the electrochemical equivalent of the substance, which 
is the weight of an element or group of elements set free by 
the passage of one coulomb of electricity. Every material 
has an electrochemical equivalent weight of its own; for 
example, 1.118 mg/coulomb for silver or 0.329 mg/coulomb 
for copper. 

The decomposition of electrolytes due to the passage of a 
current is called electrolysis. It is widely used to obtain pure 
metals (such as copper or aluminium). 

The rate of current flow is defined in terms of the strength 
of current. 

Current strength, or simply current, is equal to the quan- 
tity of electricity flowing through the cross-section of a conduc- 
tor per unit time. A current that does not change in either 
magnitude or direction is termed direct current (designated [). 
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If a charge Q flows in a conductor during a time ¢, cur- 
rent will be 


I =Qlit (2-2) 


A current that changes with time is termed alternating 
current (designated i). 

In the International System the unit of current is the 
ampere (A). 

Current is equal to one ampere, if one coulomb flows 
through the cross-section of a conductor per second, that is: 


4 A=1 coulomb/1 s 


The positive direction of current flow is the direction for the 
motion of positive particles, or the direction opposite to that 
for the motion of electrons. 


2-2. Electric Circuit and Its Components 


An electric circuif is an assemblage of devices intended to 
produce and utilize electric current. It consists essentially 
of a power source, utilizing devices or loads, and wires 
which connect the source and loads. 

Figure 2-2 shows an elementary circuit in schematic form. 
It is customary to divide an electric circuit into an inter- 





Fig. 2-2. Diagram of an electric circuit 


nal and an external circuit. The internal circuit consists 
of energy source FE, while the external circuit (ABCD) in- 
cludes load r and wires AB and CD. | 

Table 2-1 gives the symbols used in circuit diagrams in 
the USSR. 
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Table 2-1 
Symbols Used in Circuit Diagrams 


Circuit Component 


Electric energy source, e.m.f. source 


D-c generator 


D-c motor 


oe power source (primary or storage 
cell) 


Electric lamp 


Wire, cable, bus 


Electric connection, removable and _per- 
manent connection, removable connection 


Single- and double-pole switches 


Fuse 


Load, resistor 


Rheostat or adjustable resistor 
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Symbol 


2+ Ooo 


@ 
O 
Q 
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Table 2-1 (cont.) 





Circuit Component Symbol 
Ammeter, voltmeter, wattmeter () (Vv) WW) 


Power sources may be electric (rotary) generators convert- 
ing mechanical into electric energy, storage or primary 
cells which convert chemical energy, etc. 

Loads include, for example, electric motors which convert 
electric into mechanical energy, electrolytic cells intended to 
obtain pure metals (they convert electric into chemical 
energy), incandescent lamps and heaters which convert elec- 
tric energy into light and heat, etc. 

In a power source, some form of energy is converted into . 
electric energy. Due to the work done by external (nonelect- 
ric) forces, each unit charge moving in a conductor gains 
some amount of energy. The amount of energy gained by a unit 
charge in a conductor is called electromotive force (abbrevia- 
ted emf). When the external circuit is open-circuited, the 
emf (designated by the symbol F) is equal to the voltage 
across the terminals of the power source. 

Utilizing devices or loads convert electric energy into 
thermal, mechanical or chemical energy. Now the voltage 
V across the terminals of a load shows how much electric 
energy is spent per unit charge. 

The difference between the emf £ and the voltage V is the 
energy that is converted into heat (that is, lost) in moving 
a unit charge in the power source. It is called the voliage 
drop (symbolized V,). So 


E—V=V,, or E=V+V, (2-3) 


Electric power is delivered from power sources to loads 
by wires. Within short stretch of wire, power loss may some- 
times be ignored as has been done above. 

Wires can be aluminium or copper, insulated or bare. 

In addition to the three components which have been con- 
sidered, electric circuits use yarious switches, protection 
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devices (fuses and relays), and instruments (such as ammet- 
ers, voltmeters, and wattmeters). 


2-3. Ohm’s Law 


The ratio of a current J to the cross-sectional area S of a 
conductor is known as current density (designated by the 
letter 6): 

§6 = 1/8 (2-4) 


Thus, the current density in a conductor is determined by 
the amount of charge passing through the unit cross-sectional 
area of the conductor per second, which is proportional to 
the rate of motion of charged particles along the wire. The 
rate of motion of the particles is proportional to the field 
forces, that is, the electric field strength. Thus, the cur- 
rent density* in a conductor is proportional to the electric 
field strength 


5= yé (2-5) 


where y = 6/6 is the constant of proportionality called 
electric conductivity. 
Reealling € = V/l, we may write 


§= yV/l 


Multiplying the left- and right-hand sides of the last equa- 
tion by the cross-sectional area of the conductor gives 


= VyS/l = Vir (2-6) 
where the quantity 
r = I/(yS) (2-7) 


is called the electric resistance of a conductor. 

From Eq. (2-6) it follows that the current flowing in a 
wire is directly proportional to the applied voltage and inver- 
sely proportional to the wire resistance. 

Equation (2-6) is known as Ohm’s law, one of the basic 
laws of electrical engineering, which is widely used in cir- 
cuit calculations, 


* In the International | ee the unit of current density is 
1 A/m? or 1 A/mm? = 10° A/m 
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If a load has a resistance r (Fig. 2-2) and the associated 
power source has an internal resistance ry, we may write for 
the circuit shown in Fig. 2-2] 

E=V+V),=l2r4+Ir=!1(r4+ 12) (2-8) 
whence Ohm’s law for a complete electric circuit is 
E 
ia r+T9 

The voltage across the circuit (Fig. 2-2), with load con- 

nected, that is, under load, is given by 
V=E—V,=E—Ir (2-10) 
The voltage across the same circuit with load disconnect- 


ed, or at no load, when J = 0, is equal to the emf of the 
power source. 


(2-9) 





Example 2-1. Find the current in a filament lamp having 
a resistance of 440 ohms and connected to a 110-V supply 
line. 

Solution. 

From Ohm’s law 


I = Vir = 140/440 = 0.25 Al 


Example 2-2. Find the voltage across a heater having a 
resistance of 44 ohms, if the current flowing in it is 5 A. 

Solution. 

The voltage across the heater is 


V=Tr=5 X 44 = 220 V 


2-4. Electric Resistance and Conductance 


When electric current flows in a conductor, that is when a 
directed movement of free electrons (or ions) takes place, 
the electrons (ions) run into atoms or molecules of the con- 
ductor, and these offer opposition to their flow, called the 
resistance of the conductor. In accordance with Eq. (2-6), the 
resistance is defined as the ratio between the voltage applied 
to and the current flowing in the conductor: 


r= VII (2-41) 
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In the International System, the unit of resistance is the 
ohm: 
1V4 A=1V/A =1 ohm 


A conductor has a resistance of 1 ohm if a current of 1 A 
flows in it at a voltage of 1 V. 
The reciprocal of conductivity is termed resistivity (de- 
signated 0): 
p=1/y (2-12) 


The resistivity of a conductor, like its conductivity, de- 
pends on the properties and temperature of its material. 

Replacing the conductivity y by the resistivity in Eq. 
(2-7), we obtain 


r=I/(yS)=ol/S (2-13) 

Hence 
o=1/y=rS/l (2-14) 
The reciprocal of resistance is known as conductance, g 
g=1/r=yS/l=I/V (2-15) 


The unit of conductance is the siemens (symbolized as S): 
4S =1/1 Ohm4 
In the International System, the unit of resistivity is 
ohm m because 
[0] =[rS/l] = ohm x m2/m = ohm X m 


With such a unit of measurement, the resistivities of me- 
tals will be expressed by inconveniently small numbers. 
Therefore, the length of a wire is taken in metres and its 
cross-sectional area in mm?, which gives the following unit 
of resistivity 

[op] = (rS/l] = ohm x mm?2/m 
or ohm X mm?/m = 10-§ ohm X m = 1 pohm X m. 
In the International System, the unit of conductivity is 


[yl] = siemens/metre = S/m 


or, when taking the respective wire dimensions in metres and 
millimetres 


[y} =[1/p] = m/(ohm X mm?) 
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Table 2-2 summarizes the resistivity of some materials at 
a temperature of 20°C. 


Table 2-2 
Properties of Some Conductors Used in Electrical 
Engineering 
Resistivity Average value of tem- 
: Meiting at 20°C, perature coefficient of 
Material point, °C wohm X m= resistance (from 0 to 
= 10-8 ohmxm|]| 100°C), °C! 
Aluminium 657 0.029 0.004 
Bronze 900 ().21-0.04 0.004 
Tungsten 3370 0.055 0.09464 
Constantan 4200 0.4-0.51 0.000005 
Brass 900 0).07-0.08 0.002 
Manganin 960 0.42 0.00006 
Copper 1083 0.0175 0.004 
Nichrome 1360 1.4 0.00015 
Steel 1400 0.13-0.25 0.006 
Fechral 1450 1.2 0.00005 


In dielectrics (insulating materials), current may flow, 
through the volume of the material, in which case we have 
volume current Iy, and on its surface, in which case we have 
surface current Ig. Due to this fact, two concepts are dis- 
tinguished: volume resistance ry and surface resistance rg. 

The volume current of a dielectric is 

V 
Iy = Viry = l/s” 

The volume resistivity py of a dielectric is equal to the 
resistance of a specimen 1 m? in cross-section and 1 m long. 
Accordingly, the unit of volume resistivity is the same as 
in the case of metals: ohm m, because 


[9] = [ry S/1] = ohm x m2/m = ohm X m 


The volume resistivity of a cube with an edge of 1 cm is 
[o] = 1 ohm X cm = 10~ ohm X m. 
Table 1-1 gives the volume resistivity o of some materials. 
Surface current is written 
| ne ee (2-46) 


rs Psl/d 
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{F620 = Fig. 2-3. Resistor 





Fig. 2-4, Rheostat 


The surface resistivity po; of a dielectric is equal to the 
resistance of a specimen whose surface area is 1 m wide (d) 
and 1 m long (l). Thus, the unit of surface resistivity is the 
ohm, because 


[Ps] =[rsd/l] = ohm xX m/m = ohm (2-17) 


Devices intended for connection inio an electric circuit to 
limit or regulate the circuit current are called resistors 
(Fig. 2-3) or rheostats (Fig. 2-4). There are wire-wound and 
composition resistors, fixed or adjustable. 

Heaters, rheostats and resistors use wire made of mate- 
rials having high resistivity (see Table 2-2). With such mate- 
rials it is possible to obtain the necessary resistance using 
a short length of wire which is wound on a ceramic or other 
insulating core (or former). A slider or contact arm 7 mo- 
ving across the winding changes the resistance between ter- 
minals J and 2. 

In composition resistors, the resistance element is made 
as a rod or film applied to the surface of an insulating core 
(former). 


2-5. Relationship between Resistance and Temperature 


With increasing temperature, free electrons encounter 
atoms more frequently. Therefore, the average rate of the 
directed electron flow decreases, and this leads to an in- 
crease in the resistance of the conductor. 


Ch. 2. Direct Current Circurts 45 


On the other hand, the number of free electrons and ions 
in the unit volume rises with temperature, so the resistance 
of the conductor drops. 

Accordingly, the resistance of metals increases with ri- 
sing temperature, whereas that of carbon and electrolytes 
decreases. There are several materials, however, such as 
metal alloys (manganin), whose resistance remains practi- 
cally unaffected by the temperature rise. 

At insignificant variations in temperature (irom 0 to 
100°C), the relative increment of resistance Ar/r correspond- 
ing to 1°C rise in temperature, which is termed temperature 
coefficient of resistance (designated by the letter a), remains 
constant for most metals. 

Designating the resistance at temperatures @, and 0, 
by r, and rg, respectively, we may write the relative incre- 
ment of resistance at the temperature rise from 9, to Q, as 

Ar To—Pr 
Hence 
re =r, tr a (O.—O0,) =r, [1 +a(0,—9,)] (2-19) 

The temperature coefficient of resistance for some mate- 
rials is given in Table 2-2, 

From Eq. (2-18) it follows that 


8, = +81 (2-20) 


Equation (2-20) makes it possible to, determine the tempe- 
rature of a wire (winding) ©, by measuring its resistance r, 
with r, 0, and a specified. 


Example 2-3. Find the resistance of a copper overhead 
line 400 m long and 10 mm? = 10 xX 10~§ m? in cross-section 
at temperatures of +20 and —10°C. 

Solution. 
The resistance of the line wires at +20°C is 


r= p= 0.0175 x 10°° SSS, = 1.4 ohms 


The resistance at —10°C is 
ro = 74 [4 + a@(@.—0,)]=1.4 [4 + 0.004 (—30)] 
= 1.568 ohms 
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Example 2-4. The copper winding of an electric motor has 
a resistance (r,) of 1.2 ohms at 0, = +20°C. After an hour 
of operation, the same winding showed a resistance (r,) of 
1.4 ohms. Find the temperature of the motor winding aiter 
one hour of operation. 

Solution. 





= (approx.) 62°C 


2-6. Conductor Materials 


Conductor materials used in electrical engineering may be 
divided into two groups. 

The first group embraces materials having low resistivity. 
They should have a low temperature coefficient of resistance, 
good mechanical strength and resistance to corrosion. 

Copper is commonly used owing to its low resistivity (see 
Table 2-2), sufficient mechanical strength, good workabili- 
ty, and resistance to corrosion. It is made into wires for 
various purposes, buswork, or straps. Copper obtained by 
electrolysis contains not over 0.1% impurities. 

Besides refined copper, electrical engineering uses alloys 
of copper, cadmium, beryllium and zinc known as bronzes 
and brasses. 

Aluminium, although its electrical and mechanical proper- 
ties are inferior to those of copper (see Table 2-2), has gained 
wide spread. When copper wires are replaced by aluminium 
ones having the same resistance and length, the cross-section- 
al area of the aluminium conductors is increased by 60%, 
but their mass is reduced by 52%. 

Overhead lines use stranded steel-cored conductors which 
consist of an envelope of aluminium wires around a core of 
one or more high-tensile galvanized steel wires. 

Steel, due to its high resistivity, is used only for low 
power and communication lines. 

The second group includes materials with high resistivity, 
such as Nichrome which is an alloy of nickel, chromium and 
iron, and Fechral which is an alloy of iron, chromium and 
aluminium. Owing to their good heat resistance, they are 
used to manufacture heaters, rheostats, etc. 
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Manganin‘is an alloy of 86% copper, 12% manganese and 
2% nickel. Due,to its low temperature coefficient of resistance 
and high resistivity, manganin is used in instrumentation 
(as standard resistors, etc.). 

Carbon products may be of two varieties, graphite and 
carbon. These products include brushes for electric machines, 
electrodes, and composition resistors. 


2-7. Energy and Power 


In a closed electric circuit (Fig. 2-2), the emf of the power 
source causes electric charges to move continuously. 

By the definition of emf given in Sec. 2-2, the work done 
by the external forces in moving an electric charge Q in the 
power source, or the electric energy obtained by the con- 
version of some other energy, is 


W, = EQ = Elt (2-21) 


Since energy is the ability to do work, the above expres- 
sion also gives energy. 

By the law of conservation of energy, the electric energy 
generated by a source during a time ¢ is converted into other 
types of energy in the external circuit during the same time. 

The voltage across the terminals of a source being V,py = 
= Vic = VJ, the electric energy spent in the external source 
is 


W = VQ = Vit (2-22) 
Some energy is spent (lost) in the power source as heat: 
W, = W, — W = (£ — V) It = Volt 

As has been given in Sec. 2-2, the difference between the 

emf of the source E and the voltage across its terminals 
V gives the internal voltage drop: 

Vo =FE-—V (2-23) 

The ratio of work W to the time ¢ during which the work 

is done is termed power and designated by the letter P: 

P=WIt (2-24) 


Thus, power is the time rate of doing work or the time rate 
of transferring or transforming energy. 
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The rate at which mechanical or other energy is converted 
into electric energy in a generator (power source) is called 
Source power: 


, = Elt/t = EI (2-25) 


The rate at which electric energy is converted into other 
forms in the external circuit is termed load power 


P = Vit/t = VI (2-26) 


The power associated with the loss of energy in a gener- 
ator is known as power loss: 


Py — W,/t — V olt/t = Vol (2-27) 


By the law of conservation of energy, fhe power of a gene- 
rator is equal to the sum of load powers it sustains and its 
power loss 


, P +- Py (2-28) 
In the International System, the unit of power, called the 
watt (W), is equal to one joule per second or to the power at 
which 1 joule of electric energy is converted into some other 
energy during one second, that is 
1w=1I4Ns 
or 
1JjJ=1Wxts=1Ws 
From Eq. (2-26) it follows that 
[P] = [VI] = VA 
SO, 


1W=1Vxi1iA 


that is, the watt is the power at a current of 1 A and a vol- 
tage of 1 V. 


Example 2-5. Find the current of an electric motor consu- 
ming 10 kW and connected in a 225-V supply line. 
Solution. 
Power is defined as 
P= Vi 
Hence the current is 


I = P/V = 10,000/225 = 44.4 A 
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Example 2-6. The current in a heater connected in a 
220-V supply line is 5 A. Find the power of the heater and 
the cost of the energy spent during 4 hours of operation. 
The cost of 1 kWh is 4 kopecks. 

Solution. 

The power of the heater is 


P= VI = 220 X 5 = 1100 W = 1.1 kW 


The electric energy spent by the heater is 
W = Pt=1100 x 4 = 4400 Wh = 4.4 kWh 
and its cost is 
4 xX 4.4 = 17.6 kopecks 


2-8. Conversion of Electric Energy into Heat 


When electric current flows in a conductor having resis- 
tance r, charged particles run into ions and molecules of the 
conductor material. In so doing, the moving particles trans- 
fer their energy to the ions and molecules, due to which 
fact the conductor heats. 

The rate at which electric energy is converted into ther- 
mal energy is given by 


P= Jl 
Recalling that V = Ir, we obtain 
P=f*r, or P= Vr (2-29) 


The amount of electric energy converted into thermal 
energy during a time f is 


W = Pt = [*rt 


Since the unit of energy and unit of heat in the Interna- 
Lional System is the joule, the heat generated in the resis- 
tance r is | 


Q = [rt (2-30) 


This relationship was experimentally discovered .simulta- 
neously by H.F.E. Lenz, a Russian academician, and Joule, 


4—0215 
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an English scientist, in 1844. 
It is called the Joule-Lenz* 
law and reads as follows: 

The amount of heat pro- 
duced in a conductor by the pas- 
sage of electric current is pro- 
portional to the squared cur- 
rent, the resistance of ‘the con- 
ductor and the time of current 
flow. 

The conversion of electric 
energy into heat is utilized 
by electric ovens and various 
heaters. In electric machines 
and apparatus, however, this 
conversion leads to losses of 
energy and reduces their ef- 
ficiency. In these units, jheat 
build-up limits their load capacity and causes overloads. 
An overload is usually accompanied by a temperature rise 
which may damage the insulation or cut down the service 
life of the equipment. 





H. F. E. Lenz (1804-1865) 


Example 2-7. Find the amount of heat produced in a device 
during 1 hour of operation. The resistance of the device is 
88 ohms and the voltage across its terminals is 220 V. 

Solution. 

The current in the device is 


I = V/r = 220/88 = 2.5 A 


The amount of heat produced in the device is 
Q = Pri = 2.5% xX 88 x 1 X 3600=1,980,000 J=1.98 MJ 


2-9. Electric Load on Wires and Overload Protection 


Let a wire be heated by a current flowing in it. At first, 
the temperature of the wire is equal to the ambient tempera- 
ture. So the heat produced by the current flow is spent to 
heat the wire. As the temperature of the wire increases, more 
heat is given up by the wire to the atmosphere, because the 


* In the US and UK literature of the subject this law is known as 
Joule’s law.— Translator’s note. 
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difference in temperature between the wire and the surro- 
undings increases. As a result, the risetin the temperature 
of the wire slows down. Finally, the| wire temperature 
reaches what is known asa steady-state,value, when the heat 
produced by the current flow is equal to the heat given up 
to the atmosphere. The time necessary to reach this value 
varies with different devices: the filament of a lamp reaches 
this temperature in a split second; an electric machine does 
so in several hours. 

It is safe to let wires be heated to certain temperatures 
(65 to 80°C), determined by the properties of the insulation 
or wires. The current at which the maximum safe (allowable) 
temperature is reached is called the mazimum safe (allow- 
able) current of a wire (Table 2-3). 


Table 2-3 
Maximum Safe Current (Load) of Insulated Wires 


Cross-sec- 
tional area of] 0.5/0.75/1.01}1.5]32.5] 4 6 10 16 | 25 |] 35 | 50 
a wire, mm2 


Max. safe | 11 | 15 | 17 | 23 | 30 | 44 | 90 | 80 | 100) 140/170) 215 


current, A| — — | 24] 32 | 39] 55 | 80 | 105| 130] 165 


Note. The numerators give loads for copper wires, the denominators for 
aluminium wires. 


This table can be used to choose the cross-sectional area of 
wires on the basis of maximum safe temperature. The table 
gives the maximum safe (operating) current, J,, for stan- 
dard insulated wires. A wire must be chosen to have such 
a cross-sectional area that its maximum safe continuous 
current is equal or a little greater than the maximum design 
(or rated) current: 


I,>1, 


The connection of two wires at different potentials 
through a low-value resistance is called a short-circuit. 

The short-circuit current is tens of times the nominal cur- 
rent of a device, and it may cause mechanical or thermal 
damage to its parts. 


4* 
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The components of an electric circuit are protected 
against overcurrents and short-circuits by fuses (Sec. 11-10) or 
relays (Sec. 11-13). A fuse consists of a piece of wire which 
melts at a certain overcurrent and breaks the circuit. 


2-10. Voltage Loss in Wires 


When electric energy is transferred over short wires, their 
resistance may be ignored. In the case of long wires (longer 
than 10 m), their resistance cannot be neglected, because it 
causes a noticeable voltage drop: 


2l 
AV =Ir=I <5 (2-31) 


In this case, the term “voltage drop” refers to the diffe- 
rence between the voltages at the ends of a line (Fig. 2-5), 
V, — Ve, given by 


V,—V,=AV=ir (2-32) 


:nd usually referred to as voltage loss. 

With a constant voltage at the start of the line, the vol- 
oe at the finish of the line, that is, at load, varies from 

= V, atl =O0to Vz — V, — AV under load. 

‘Variations in voltage ‘should not exceed —2.5 to +05 per 
cent of the nominal value for lighting accessories and +9 
per cent or sometimes +10 per cent for power equipment. 
Voltage loss in a line should not exceed the same values. 

When the allowed voltage loss in the line is specified in 
advance,| we may determine the necessary cross-sectional 
area of the line wires, using Eq. (2-31): 


S = Q1l/yAV (2-33) 


The cross-sectional area found by Eq. (2-33) and rounded 
to the nearest standard value should be checked for maxi- 
mum safe current (see Table 2-3). 

The, power loss in a line is given by the product of vol- 
tage loss and current, that is 


AP = IAV = [*r 
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=— 1 ae Fig. 2-5. Two-wire line loaded 
I at the far end 





decreases with rising load. 
At voltage losses of 2to 5 per cent, the efficiency of a line 
ix 98-95 per cent. 


2-11. Kirchhoff's First (Current) Law 


If three or more wires (branches) (Fig. 2-6) meet at one 
point in a circuit, this point is called a circuit junction or a 
(circuit) node. 

When there is a constant current in a circuit, none of its 
nodes can accumulate electric charges because it would 
change the potentials at those nodes. Therefore, the electric 
charges entering a junction (node) per unit time are equal 
to the charges leaving this junction (node) during the same 
period. This relationship, known as Kirchhoff’s first (cur- 
ront) law, is stated as follows: the sum of the currents enter- 
ing’ a circuit node is equal io the sum of the currents leaving it. 

‘or example, for node A we may write: 


+l, =1, +1, +15 
or 
I, + I, + (—Is) + (—,) + (—Is) = 0 
no the final expression is 


I =0 (2-34) 
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Fig. 2-6. Node (junction point) 
of an electric network 





or, in words, the algebraic sum of the currents in a circuit 
node is zero. The currents leaving a node are considered 
negative. 


2-12. Series Combination of Resistances (Loads) 


In a series combination, the finish of one resistance (or 
load) is connected to the start of another, and so on 
(Fig. 2-7). When connected to a power source, they conduct 
the same current. 

The energy spent to move a unit charge around the com- 
plete circuit is equal to the sum of the energies spent to 
move the same charge in all elements of the circuit, or, in 
other words, the voltage across the circuit is equal to the sum of 
the voltages across the individual resistances: 


V=V,+V,4+ Vs; (2-35) 


Dividing the left- and right-hand sides of the equation by 
the circuit current gives 


V/A = V,/I + V./I + V4/D 
Hence 


r=n+rt+rs, (2-36) 


The resistance r is called the equivalent resistance of the 
circuit. When the resistances of the circuit are replaced by 
its equivalent resistance at the same voltage, the circuit 
current remains unchanged. 

Thus, the equivalent resistance of a series combination of 
loads (for example, resistors) is equal to the sum of the resis- 
tances of the individual loads (resistors). 

The voltages across the resistors are determined by the 
following expressions: V,; = Ir,; V, = Ir.; Vs = Irs. There- 
fore, V,/V./V3 = 1,/r./rg, or the voltages across resistors con- 
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Fig. 2-7. Resistors connected 
in series 





nected in series are proportional to their resistances. The cir- 
cuit consisting of wires and the load considered in Sec. 2-10 
(Fig. 2-5) is also a series combination of resistances. 


Example 2-8. The winding of an electric motor with a re- 
sistance (r,) of 24 ohms and a rheostat with resistance r, 
which can be adjusted from 0 to 96 ohms are connected in se- 
ries to a 120-V supply line. Find the limits of the adjustment 
range for the circuit current. 

Solution. 

The equivalent resistance of the circuit is: r =r, + rg. 
At r, = 0, the circuit current will be 


I’ =V/(r,y +r) =120/(24+0)=5 A 
At r; = 96 ohms, the circuit current will be 
I” =V/(ry +73) = 120/(24+ 96)=1 A 


2-13. Parallel Combination of Resistances (Loads) 


In a parallel combination, resistances (loads) meet at 
common junction points, or terminals, at both ends, as 
shown in Fig. 2-8. Thus, there may be several parallel bran- 
ches between the two circuit terminals. 

The voltages across the resistances (loads) are the same 
and equal to the voltage between the terminals 


= V1 == V. = V; (2-37) 


The currents in the resistances (loads) may be derived 
from Ohm’s law: 


I, = Vir, = Vg; I, = V./r. = Veo; 
I, V,/r5 = Vg, (2-38) 
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Fig. 2-8. Resistors connected 
in parallel 





Hence, 


‘ 


4 1 1 i 
T,/Io/T3= | —| —— = 81/621 es (2-39) 


that is, the currents in parallel branches are inversely propor- 
tional to their resistances or directly proportional to their con- 
ductances. 

The resistances of several individual loads (for example, 
resistors) may be replaced by the equivalent resistance r 
whose current J should be equal to the sum of branch cur- 
rents XJ, at the same terminal voltage. Thus, the equiva- 
lent resistance is 


r= V/I = V/J, + I, + Is) 
and the equivalent conductance is 
V/r = 7,4+ 17, + 1,)/V = 1/r, + 1/r, + 1/r, 
= 6,1 8+ 8s =8 (2-40) 


This equation states that the equivalent conductance of a 
parallel combination of resistances is equal to the sum of 
the conductances of the individual resistances. 

From Eq. (2-40), we can obtain an expression for the equi- 
valent resistance of a parallel combination. For example, 
for three resistances: 


{/r = 4/r, + A/rg + A/rs = (ryre + irs + rers)/Tir els 
Hence 
r= ryrels! (Tyre + irs + Tes) (2-41) 
When the branch resistances are equal, 


r=7r,/3rj=r,/3 
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If there are n branches and the resistances in parallel are 
of the same value r,, the equivalent resistance of the paral- 
lel circuit will be 


r=rj,/n (2-42) 
In the case of two resistances (branches) connected in paral- 


lel, the equivalent resistance of the parallel circuit will be, 
in accordance with Eq. (2-40), as follows: 


r= ryr./(r, + 1) (2-43) 


Loads (electric motors, incandescent lainps, heaters) are 
designed for operation at a constant nominal voltage; there- 
fore, they are connected in parallel. 


Example 2-9. An electric motor consuming a power of 
0.0 kW and eleven 100-W incandescent lamps are connected 
to a 220-V supply line. Find the current in the wires. 

Solution. 

The current of the motor is 


IT, = P,/V = 5500/220 = 25 A 
The current drawn by the lamps is 
I, = P,/V = 100 x 11/220 =5 A 
The current in the wires is 
r=/,+/7,=25+5=30A 


Example 2-10. Find the equivalent resistance of ten 200-W 
incandescent lamps connected in parallel at a nominal vol- 
tage of 220 V. 

Solution. 

The resistance of one lamp is 


r, = V}/P, = 2202/200 = 242 ohms 


The equivalent resistance of ten lamps is 
r =7r/n = 242/10 = 24.2 ohms 
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2-14. Series-Parallel Combination 
of Resistances (Loads] 


In a series-parallel combination, some of the resistances 
(or branches) are in series and some in parallel. 

A typical example of a series-parallel combination is fur- 
nished by several parallel resistances connected in series 
with the supply line resistance (Fig. 2-9). For a specified 
terminal voltage and known branch resistances, we “solve” 
this circuit (such as in analysis or synthesis) by finding the 
currents and voltages of all parts or sections of the circuit. 
The circuit shown in Fig. 2-9 consists of two sections connect- 
ed in series: BC consisting of three parallel branches, and 
AB having a resistance 7. 

The conductance of multi-branch (parallel) section BC is 


Sec t/ro41/r3+1/r, 
so its resistance is 
rac=1/gxc 

The equivalent resistance of the complete circuit is 
r=Taptlrsgc=+Tlsc 

From Ohm’s law, the circuit current is 
I=V/r=V/(r,+rgc) 

The voltages across sections AB and BC are: 

Vap=V,=l1r, and Vgc=Irge 
The currents in the parallel branches are 
Tg=Voaclre;  Ig=Vac/r3; Ib=Vaec!/ri 


Example 2-11. Find the currents and voltages of all sections 
of the circuit shown in Fig. 2-9, if V = 240 V;r,= 2.12 ohms; 
r, = 20 ohms; r, = 10 ohms; r, = 50 ohms. 

Solution. 

The conductance of multi-branch (parallel) section BC is 


Lac=1/rac=1/r.4+-1/r3+1/r, 
= 1/20+1/10+1/50=0.17 §$ 
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Fig. 2-9. Resistors connected 
in series-parallel 





The resistance of the parallel section is 
rec=1/88¢ =1/0.17 =5.88 ohms 


The equivalent resistance of the complete circuit is 
r=r,t+rgc=2.12+5.88=8 ohms 
The circuit current is 
I = V/r = 240/8 = 30 A 
The voltage across the first resistance is 
V, = Ir, = 30 X 2.12 = 63.6 V 
The voltage across the parallel section is 
Vepc=Irgc=30 X 5.88 =176.4 V 
The currents in the parallel branches are 
Ty = V go/re = 176.4/20 =8.82 A, Ig=Vaclrs 
= 176.4/10 = 17.64 A 
T,=V ac/r,=176.4/50 =3.53 A 


2-15. Two Modes of Operation of Power Source 


Figure 2-10 shows a circuit with two power sources ha- 
ving resistances ro, and ro,, respectively. The current in this 
circuit may be found by the superposition theorem*, as the 


* When a number of voltages are applied to the network simulta- 
neously, the current that flows is the sum of the component currents 
that would flow ifthe same voltages acted individually.— Transla- 
tor’s note, 
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Fig 2-10. Circuit containing 
D two sources 


algebraic sum of the currents generated by the individual 
sources. To begin with, assume that the emf of the first pow- 
er source is £, “0 and that of the second is FE, = 0; then, 
conversely, we assume that £, = 9 and E, 4 0. 

In the first case, the circuit current which coincides in 
direction with emf F,, can be expressed as: 


T, = Eyl(rop +r +1) 

In the second case, the current flowing in the direction 

of emf E, is 
I, = Eh(ro, +12 4+ 1) 

When the emfs exist simultaneously, that is, when E, ~ O 
and EF, = 0, the circuit current can be determined by adding 
together the currents 7, and J, (according to the superposi- 
tion theorem): 

P=1,+1,=(F, + £2). +102 + 1) (2-44) 

If emfs E, and E, are aiding each other, the currents J, 
and J, flow in the same direction, too. 

If F, and E, are opposing each other (as shown in 
Fig. 2-10), the circuit current is equal to the difference bet- 
ween the currents 

P= 1,—I_= (Ey — Ea) (rov tree +7) (2-49) 
that is, a current will only flow when £, ~ £E, and its 
direction coincides with the direction of the higher emf. 
Assume that FE, > E,, then the direction of current J agrees 
with the direction of E, and is opposite to that of E,. An 
electromotive force opposing the current is called the coyn- 
ter-emf. 
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In the resistance r (section BC, Fig. 2-10), electric energy 
is converted into therma) energy. The associated power is 


Pro =lr 
and the voltage drop is 
Vac==Pgc/I=Ir 


In addition to thermal power J*ry,, there is also power E,/ 
which is generated in section CD because the electric forces 
do work in overcoming the counter-emf. This power is con- 
verted into chemical or mechanical power, depending on 
the type of power source used (a storage battery or an elect- 
ric machine). Thus, the source with counter-emf EF, dissi- 
pates electric energy, thai is, acts as a load. 

The power developed in section CD is 


Pop= FI + [Prop 
and the voltage across this section is 
Vep= Pepll = BE. + Iroo (2-46a) 


Therefore, the voltage across a power source acting as a load 
is equal to the sum of ifs emf and its infernal voltage drop. 

In section BA, the emf £, coincides in direction with the 
current /, so the source fa storage battery or an electric 
machine) operates as a yenerator. Therefore, its emf is 
equal to the sum of the terminal voltage and the internal 
voltage drop (2-8): 


Ey;=Vpa+Vo=Vepat ro 
so the terminal voltage is 


V pa = h,—Iro, (2-46b) 


This suggests that the terminal voltage of a power source 
operating as a generator is equal to the difference between its 
emf and its internal voltage drop. 

According to Eq. (2-25), the power developed by a power 
source operating as a generator is 


Eyl=V pal +Vol =Veal + lroy 


As we have seen, a power source may operate either as a 
generator or as a load. In the former case, its terminal vol- 
tage is less than its emf (V < £E), and its current has the 
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same direction as its emf. In the latter case, its voltage is 
greater than the emf (V > £), and its current opposes its 
emf. 


2-16. Kirchhoff’s Second (Voltage) Law 


A branch of an electric circuit or network is a section of 
the network between two adjacent junction points or nodes. 
A set of branches forming a closed path in a network is ter- 
med a loop or mesh. 

Generally, an electric circuit, or network, may include 
several power sources and resistances connected arbitrarily, 
for example, as shown in Fig. 2-11. 

Assume that both power sources operate as generators, 
that is, the currents agree in direction with the emfs. For 
them, the voltages across C'A or, which is the same, across 
FG, are the same and given by Eq. (2-46): 


Vou = Ay —Lhr13; Vea = Eo — Lore 


where r, and r, include the internal resistances of the sources, 
To, and 7p. 

From a comparison of these two equations, we find that 
the following equation applies to the mesh ABCDA 


FE, — yr, = E, — Ire 
whence 
BE, — FE, = yr, — Ir, 


or generally 
LH =X (Ir) (2-47) 


The above expression is Kirchhoff’s second (voltage) law 
which reads as follows: The algebraic sum of the emfs round 
a mesh in a network is equal to the algebraic sum of all the 
voltage drops around it. 

When writing equations according to this law, the emis F 
whose directions coincide with the arbitrary direction of sum- 
mation round a mesh are assigned the “+” sign, and the 
emfs with opposite directions are assigned the “—” sign. 

The voltage drops Jr are taken with the “--” sign if the 
direction of summation round a mesh agrees with the dire- 
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Fig. 2-44. Multi-mesh (multi- 
loop) circuit with two sources 





ction of the current J in the resistance r. Otherwise, the 
voltage drops have the “—” sign. 

When carrying out summation round the mesh ABCDA 
clockwise, we may write (see Fig. 2-10) 


Ey +(— #2) = Ir, + Lr + Iroe 


which corresponds to what has been said in Sec. 2-15. 


2-17. Solution of Complex Circuits 


A complex circuit, or network, is one containing several 
loops or meshes with power sources and loads arranged in 
any arbitrary way, which cannot be reduced to a combina- 
tion of series and parallel connections. 

In addition to Ohm’s law, the basic laws for circuit solu- 
tion (analysis and synthesis) are two Kirchhoff’s laws. Us- 
ing them, one can find currents and voltages for all sections 
of any complex network. 

One of the methods of solving complex networks is des- 
cribed in Sec. 2-15; this is the superposition theorem. This 
method is based on the principle that the current in any 
branch is the algebraic sum of the currents generated in it 
by each individual source of emf in the circuit. 

Let us solve a complex circuit, using the node equations 
and the mesh equations or the equations of Kirchhoff’s laws. 

In order to find currents in all branches of a circuit, it is 
necessary to know the resistances of the branches and also 
the values and directions of all emfs. 

Before writing the equations by Kirchhoff’s laws, we 
should choose the directions of the branch currents and label 
them with arrows on the circuit diagram. If the chosen di- 
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rection of the current in any branch is opposite to its real 
direction, this current will appear negative after the equa- 
tions have been solved. 

The number of equations is equal to the number of un- 
known currents. The number of equations written by Kir- 
chhoff’s first (current) law should be equal to the number of 
nodes less one. The remaining equations are written by 
Kirchhoff’s second (voltage) law. When applying this law 
it is advisory to choose the simplest networks, and each of 
them should contain at least one branch not used in the 
previous equations. 

Here is an example of a complex circuit solved by Kirch- 
hoff’s two equations. 


Example 2-12. Find the currents in each branch of the 
circuit shown in Fig. 2-11, if EE, = 246 V, E, = 230 V, 
r, = 0.3 ohm, rz = 1 ohm, and r, = 24 ohms. The internal 
resistances of the sources may be ignored. 

The arbitrarily chosen directions of the branch currents 
are shown in Fig. 2-411. 

Solution. 

There are three unknown currents, so three equations need 
be written. 

For two nodes, one node equation is necessary. Let us 
write it for node C 


| ey aes Ge (2-48) 


To write the second equation, we carry out summation 
round the network ABCFGA clockwise: 


£y = (yr, + [srs (2-49) 


For the third equation, we carry out Summation round the 
network ADCFGA and write 


EB, = lere + Isr (2-50) 


Substituting the numerical values for the literals in Eqs. 
(2-49) and (2-50), we obtain 


246 = 0.31, + 24I, (2-51) 
230 = 11, + 24, (2-52) 
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Substituting its expression from Eq. (2-48) for the current 
I, in the last equation, we obtain 


230 = 17, — 1/, + 247, = —I, + 25/7, (2-52a) 
Multiplying Eq. (2-52a) by 0.3 and adding to Eq. (2-51) 
we shall have 
69 = —0.3/,+7.5I, 


+946= 0.37,+24I, 
315 = 31.515 (2-53) 
whence the current in the third branch is 
1, = 315/519 = 10 A 


The voltage across the third branch is 
Virgo = Iarg3 = 10 X 24=240 V 
The currents in the first and second branches are 
[,= (EE, —Vpg)/ry = (246 — 240)/0.3 = 20 A 
[, = (E,—Vrg)/re = (230 — 240)/1 = —10 A 


The negative value of the current J, indicates that the 
actual direction of this current is opposite to that labelled 
in the diagram (Fig. 2-11). Thus, the power source EF, gene- 
rates energy and the power source F, dissipates it. 


2-18. Chemical Sources of Current 
(a) Primary Cells 


There is always a certain difference in potential between 
an electrode and the electrolyte in which it is immersed, 
the magnitude of the difference being dependent on the ma- 
terial of the electrode and the composition of the electrolyte. 

The electrode potential arises owing to the fact that che- 
mical forces cause the electrode material to dissolve in the 
electrolyte (for example, zinc dissolves in a solution of 
sulphuric acid) and its positive ions pass into the electro- 
lyte. More specifically, the prevalence of negative charges 
on the electrode and positive ones in the boundary layer of 
electrolyte adjacent to the electrode produces a double elec- 
tric layer and, as a consequence, an electric field at the 
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Fig. 2-12. Volta’s cell and Fig. 2-13. Zinc-manganese cell 
its connection in a circuit of the cylinder type 
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electrolyte boundary, directed away from the electrolyte 
towards the electrode. This field prevents the positive ions 
of the electrode from passing into solution and balances the 
chemical forces that are responsible for the dissolution 
of the electrode. This gives rise to the electrode potential. 

Placing two electrodes made of different metals into an 
electrolyte, we obtain a potential difference between them, 
or an emf, given by EF = q, — Qz. 

Thus, a device consisting of two dissimilar electrodes im- 
mersed in an electrolyte is a source of an emf, that is, a 
primary current source or cell in which chemical energy irre- 
versibly converts into electric energy. 

There is a great variety of primary cells. As an example, 
let us consider Volta’s primary cell (Fig. 2-12). It uses a 
zinc plate (Zn) and a copper plate (Cu) as electrodes immer- 
sed in diluted sulphuric acid (H,5O,). The zinc electrode is 
charged negatively (it is called the cathode) and the copper 
electrode is charged positively (it is called the anode). The 
emf of this primary cell is about 41.1 V. 

When the cell is loaded, that is, when an electric current 
flows in it, negative SO, ions and positive Zn ions approach 
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one another and combine to form molecules of zinc sulphate 
(ZnSO,). At the same time, the positive ions of hydrogen 
attract electrons from the anode and form neutral atoms of 
hydrogen which, covering the surface of the anode, cause a 
rise in the internal resistance of the cell and reduce its emf. 
This is called polarization. The hydrogen layer over the 
anode can be removed by using depolarizers, the materials 
easily giving up oxygen (for example, manganese dioxide) 
which combines with hydrogen to form water. 

The most widely used primary cell of nonpolarizing type 
is the Leclanché cell. The Leclanché cell is available in 
wet and dry forms. It can also be of a cylinder or a layer 
type. 

The cylinder type cell is put into a zinc jar (Fig. 2-43) 
which also serves as the cathode; a carbon rod placed cent- 
rally in the jar serves as the anode. The depolarizer is a 
mixture of manganese dioxide, graphite and carbon black. 
The zinc jar is filled with an aqueous solution of ammonium 
chloride (popularly called sal ammoniac) pasted by starch. 
The emf of this cell is 1.5 V. 

The long-time current allowed in the operation of a cell 
is called its nominal discharge current. The quantity of elect- 
ricity that a cell is able to give up during discharge is cal- 
led its capacity and is measured in ampere-hours (Ah). Dry 
cell batteries find wide use in radio engineering, wire commu- 
nication equipment, flash lights, hearing aids, portable me- 
ters, etc. 


{b) Storage Cells [Secondary Chemical Sources of Current) 


The chemical sources of current which can be recharged 
after discharge, in which case electrical energy is converted 
into chemical energy, are called storage or secondary cells. 

There are two distinct groups of storage cells: acid and 
alkaline. The acid group includes lead-type storage cells, 
while the alkaline group consists of nickel-cadmium, nickel- 
iron and silver-zinc type storage cells. 

A lead-acid storage cell consists of two plate groups 
(Fig. 2-14) immersed in an electrolyte of 25-35% aqueous 
solution of sulphuric acid. 


5% 
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Fig. 2-14. Lead-acid stor- 
age battery 





The positive plates are made of pure lead, and a highly 
developed surface is obtained by cutting, spinning or rolling 
upstanding fins or leaves on the faces of a pure lead blank. 
They can also consist of cast grids of lead filled with active 
material (lead peroxide). 

The negative plates are formed by lead grids into which 
the active material (sponge lead) is pasted. After manufac- 
ture, the plates are given a treatment, called forming. 

During discharge, that is, when a charged cell is connected 
to an external circuit, the discharge current flows and the 
cell operates as a power source. In this process, the active 
material of the positive plates (lead peroxide, PbO,) and 
that of the negative plates (sponge lead, Pb) become lead 
sulphate, PbSO,, and water. This reduces the concentration 
and conductivity of the electrolyte and the emf of the stor- 
age cell. The voltage (emf) of a cell rapidly falls from 2.2 V 
to 2 V, then slowly to 1.8 V. Lead storage cells should never 
be discharged below this value (called the final voltage), 
otherwise sulphatization of the plates (the formation of 
insoluble lead sulphate) may take place. 

On charging, the charging current flows through a cell in 
the direction opposite to the discharge current, for which 
purpose the terminals of a battery charger are connected to 
the similar terminals of the cell. 

During the charging, the reverse chemical reaction takes 
place, and lead peroxide and sponge lead are reduced on 
the electrodes. At first, the voltage rapidly rises to 2.2 V, 
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then more slowly to 2.3 V and, finally, to 2.6-2.7 V. At this 
voltage, intensive bubbling begins at the plates, as if the 
electrolyte were boiling, and the charging should be stopped. 

The internal resistance of lead-acid cells is low, so short- 
circuit currents are intolerably high. 

The capacity of a storage cell, as is that of a primary cell, 
is measured in ampere-hours during the time of normal 
discharge. 

The ratio of the quantity given up by a storage cell during 
discharge to the quantity of electricity obtained on charging 
is called the capacify (ampere-hour) efficiency of the storage 


cell 
N= Qa/Qen (2-54) 


The capacity efficiency of lead storage cells is between 
0.9 and 0.95. 

The ratio of the energy obtained from a storage cell on 
discharge, Wy, to the energy spent to charge the cell, W.p, 
is termed the overall (watt-hour) efficiency of the storage cell 


n=W.lWer (2-55) 


and its common value for lead-acid cells is anywhere be- 
tween 0.75 and 0.8. 

In order to prevent a storage cell from sulphatization, 
it is necessary to keep it charged, periodically check the 
level and density of the electrolyte, voltage under load, 
and recharge it when necessary. 

Alkaline storage cells are called so‘because they use an 
electrolyte of 21% aqueous solution of potassium hydrate 
(KOH) or sodium hydrate (NaOH). They consist of two 
plates placed in a steel container holding an electrolyte 
(Fig. 2-15). The plates are formed by steel pockets filled 
with an active material and assembled in steel frames. The 
active material of nickel-cadmium storage cells is sponge 
cadmium and that of nickel-iron storage cells is sponge iron. 
Both types use the same active material of nickel hydrate 
Ni(OH), on positive plates. 

During discharge, the nickel hydrate changes to nickel 
hydroprotoxide, and the sponge cadmium (or iron) changes 
to cadmium hydroprotoxide (or ferrous hydroxide). On 
charging, the chemical reactions are reversed; therefore, the 
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Fig. 2-15. Alkaline storage battery 


(a) general view; (b) plates 


active material of the electrodes is reduced. The concentra- 
tion of the electrolyte remains the same during discharge. 

On discharge, the voltage rapidly falls from 1.4 V to 1.3 V, 
then more slowly to 1.1 V which is the final voltage. On 
charging, the voltage rapidly rises from 1.15 V to 1.75 V, 
and then, after some insignificant fall, increases slowly to 
1.85 V. The internal resistance of alkaline storage cells is 
higher than that of acid storage cells, so they have a smaller 
overall efficiency, 7 = 0.5-0.6, and a higher resistance to 
short circuits. Alkaline storage cells offer a number of ad- 
vantages over the lead-acid type, namely: greater mechani- 
cal strength, longer service life, and need less skilled atten- 
dance. 

A silver-zince storage cell consists of two plate groups loca- 
ted in a plastic container holding an electrolyte. The cell 
electrodes are porous plates; the positive plate is made of 
silver oxide (Ag,O) and the negative, of zinc (Zn). The ele- 
ctrolyte is an aqueous solution of potassium hydrate (KOH) 
with a specific gravity of 1.4. 

During discharge, the silver oxide changes to metallic 
silver, and the metallic zinc changes to zinc oxide. On char- 
ging, the reactions are reversed. 
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During charge, the voltage at first remains almost the 
same (1.65 V), then it rapidly rises to 1.9 V and more slow- 
ly to 2.4 V, at which the charging should be stopped. On 
discharge, the voltage drops off slowly from 1.75 V to 1.5 V 
and then to 1.25 V-1 V at the end of discharge, which is 
the final voltage. 

The advantages of the silver-zinc cell are as follows: 

(1) considerably greater capacity and power per unit mass; 

(2) a stable discharge voltage of 1.5 V and ability to 
furnish very high currents for short discharge periods; 

(3) a high overall efficiency of about 0.85. 


2-19. Combinations of Chemical Current Sources 


If the voltage and current necessary for operation exceed 
the respective quantities that can be supplied by one cell, 
several cells are combined to make up a battery. 

The cells combined into a battery should have equal 
emfs, E,, and equal internal resistances, [o. 

Cells are connected in series (Fig. 2-16) when the load cur- 
rent does not exceed the nominal current of a single cell, 
while the load voltage V is higher than the emf of the cell 
(E,). In this case, the number of cells connected in series n 
is determined by the ratio n > V/E,. The emfs of the com- 
ponent cells all point in the same direction, because the 
negative pole of a preceding cell is connected to the positive 
pole of the next, so the total emf of a battery is m times the 
emf of a single cell: 


E = nE, (2-56) 
as is the internal resistance of the battery 
r= No (2-57) 


The discharge current of a battery is equal to the dis- 
charge current of an individual cell. 

Cells are connected in parallel (Fig. 2-17) where the load 
voltage V is equal to the emf of a single cell V, while the 
load current J exceeds greatly the discharge current of a 
cell J ,. Inthis case, the number of cells, m, connected in paral- 
lel is determined by the ratio m > I/I,. Cells are said to 
be connected in parallel when their positive and negative 
poles are connected to the respective common terminals; 
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Fig. 2-16. Series connec- 
tion of cells 








Fig. 2-17. Parallel con- Fig. 2-18. Series-parallel 
nection of cells connection of cells 


thus, the emf of the battery E is equal to the emf E, of an 
individual cell: 


Eh fF (2-58) 
the internal resistance of the battery is 
r=T,/m (2-59) 


and the discharge current of the battery is m times the emf 
of a single cell: 


I =I4m (2-60) 


Cells are connected in series-parallel (Fig. 2-18) where the 
load voltage and current exceed the nominal voltage and 
current of a cell. The number of series-connected cells n 
and the number of parallel branches m are determined by 
the formulas given above. 


Example 2-13. Find the characteristics of the storage 
battery required to supply 2.9 kW at a voltage of V = 120 V 
for emergency lighting; the emf of each cell is Ej = 2 V 
and its discharge current is [, = 6 A. 

Solution. 

The current for emergency lighting is 


T = P/V = 2900/120 = (approx.) 24 A 
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The number of series-connected cells is 
n= V/E, = 120/2 = 60 
The number of parallel branches is 
m = I/II, = 24/6 =4 
The number of cells in the battery is 
nm = 60 X 4 = 240 


2-20. Nonlinear Circuits 


An electric circuit whose resistance depends neither on 
current nor on voltage is called linear. If the resistance of 
any section in an electric circuit depends on current and 
voltage, the section and the circuit itself are termed nonli- 
near. Examples are incandescent lamps, vacuum-tube and 
semiconductor devices. The resistance of a nonlinear circuit 
varies, so its current is not proportional to its voltage, that 
is, Ohm’s law cannot be used to solve the circuit. Nonlinear 
circuits are usually solved graphically. 

The relationship between the current in and the voltage 
across a circuit, 1 = f (V), is called its volt-ampere characte- 
ristic. For a linear element, the volt-ampere characteristic 
is a straight line, for example, Oa (Fig. 2-19), which passes 
through the origin. For a nonlinear element, it is no longer 
a straight line, but a curve. For example, curves Ob and Oc 
represent the volt-ampere characteristics of carbon and 
metal filament lamps, respectively. 

To solve a simple (single-mesh) circuit having two non- 
linear components (Fig. 2-20), we choose scales for its current 
and voltage and construct the following volt-ampere cha- 
racteristics: J, = f, (V,) for the element N£,, and J, = 
= f,(V.) for the element NVE., on the same coordinates. 
Combining the voltages V, and V., both corresponding to a 
particular current, we obtain a voltage V across the circuit, 
that is, a certain point on the J = f (V) volt-ampere charac- 
teristic (Fig. 2-21). For example, the point A’ on the volt- 
ampere characteristic for an arbitrary current J’ is obtained 
by adding together abscissa A,A; and abscissa AjA,. 

When finding the circuit current at a specified voltage V, 
the voltage is plotted as abscissa (intercept OO"). The per- 
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Fig. 2-19. Volt-ampere charac- 
teristics 
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Fig. 2-20. Simple (single-loop) Fig. 2-21. Volt-ampere charac- 
circuit with two nonlinear teristics of a simple (single- 
elements loop) circuit 


pendicular O’A raised from the point O’ until it intersects 
the J = f (V) volt-ampere characteristic of the circuit locates 
the current /. The lines AjA, and A,A,. drawn through 
the point A parallel to the x-axis make intercepts which 
represent voltages V, and V, across the nonlinear elements. 

A circuit having parallel-connected nonlinear elements 
(Fig. 2-22) for a specified voltage across the circuit V, is 
solved by finding the branch currents from the respective 
volt-ampere characteristics (Fig. 2-23). The branch voltages 
are the same, so, plotting the voltage as abscissa (intercept 
OO’), we find the currents J, and J, (ordinates O'A, and 
O’A,). The total circuit current is the sum of the branch 
currents: J = I, + J. 

If it is necessary to find the branch currents from a speci- 
fied total current 7, we construct the overall volt-ampere 
characteristic [ = f (V) by combining the ordinates of the 
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Fig. 2-22. Parallel connection 
of two nonlinear elements 








0 40 80 120 Volts 


Fig. 2-23. Volt-ampere charac- Fig. 2-24. Illustrating Examp- 
teristics (for a parallel circuit) le 2-14 


branch volt-ampere characteristics for the same voltages 
(Fig. 2-23). 

Assuming a specified current J (the point A on the overall 
volt-ampere characteristic), we determine the voltage V, = 
= V, = V, (the point O’), and the currents J, and J, (the 
points A, and A,). 


Example 2-14. Find the current in and the voltage across 
two series-connected nonlinear elements, if the supply vol- 
tage is V, = 120 V. 

Solution. 

The volt-ampere characteristics are constructed by the 
data given in Table 2-4. 

Then we find the voltages for the same currents 0.1, 0.2, 
0.3, 0.4,0.5 A for both elements, plot them as abscissas 
and construct the volt-ampere characteristics for the two 
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Table 2-4 


v | v | o | 2 | 40 | 60 | 80 | 100 
is | A | 0 J 0.16 | 0.4 | 0.8 - | = 
i | A | 0 | 0.04 | 0.12 | 0.22 | 0.40 | 0.65 


elements. After that, we combine the individual characte- 
ristics to obtain the overall volt-ampere characteristic of 
the circuit (Fig. 2-24). 

Using this characteristic, we find that for V, = 120 V 
the current is J = 0.4 A. For this current, the voltages 
across the elements are V, = 40 V and V, = 80 V. 


Chapter Electromagnetism 
Three 


3-1. Magnetic Field of a Current 


A conductor carrying an electric current is surrounded by 
a magnetic field which, as stated in Sec. 1-1, is a form of 
matter. It has experimentally been found that a magnetic 
field arises not only around or in conductors carrying a cur- 
rent, but also owing to the motion of any electrically charged 
particles or bodies, or variations in an electric field. For 
example, the magnetic field around permanent magnets 
owes its existence to molecular currents, resulting from the 
motion of electrons in their orbits and rotation about their 
axes. A magnetic field manifests itself through its action 
on moving charged particles, specifically, on an electric 
current in a wire (Sec. 3-5), and also on permanent or electric 
magnets. 

A magnetic field can best be detected by a compass needle. 
The needle brought into the magnetic field of a current- 
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carrying wire tends, under the action of the field, to align 
itself at right angles to the axis of the wire (Fig. 3-1). The 
direction in which the “north” end of the compass needle 
points is taken as the direction of the magnetic field in the 
region where the needle is placed. 

Graphically, a magnetic field is conventionally depicted 
by magnetic lines of force. Magnetic lines of force are drawn 
in such a way that the direction of a line tangent to a line 
of force at any point coincides with the direction of the 
field. If we draw magnetic lines of force through any unit 
area (1 m?, 1 cm?, at right angles to the direction of the lines), 
so that the number of lines is proportional to the field 
intensity at a given point, the magnetic field strength 
characterized by magnetic induction will be represented by 
the density of magnetic lines of force (see Sec. 3-4). The 
magnetic lines of force or lines of magnetic flux are always 
closed. For example, the magnetic lines of force of a straight 
current-carrying wire (Fig. 3-1b) have the form of concentric 
circles located in the planes passing at right angles to the 
wire axis. 

The direction of the magnetic lines around a wire can be 
determined by what is known as the right-hand screw rule 
(Fig. 3-1a). If a right-hand screw is moved progressively in the 
direction of the current, the rotation of its handle will give 
the direction of the magnetic lines of force around the wire. 
Conversely, we can find the direction of a current, if we 
know the direction of the associated magnetic lines of force. 
Fig. 3-2a shows the magnetic lines of force around a circular 
current-carrying conductor, and Fig. 3-2b shows the lines 
around a current-carrying coil. 

In the case of a ring or coil, it is more convenient to apply 
the right-hand screw rule as follows. If the screw is rotated 
in the direction of the current in the ring or coil, the direction 
of its progressive motion will give the direction of the magnetic 
lines of force linked by the surface bounded by the current loop. 

Thus, the direction of a magnetic field depends on the 
direction of the associated current. 

A magnetic field is called uniform, if it has the same 
direction and intensity at all points. Otherwise, it is termed 
nonuniform. Graphically, a uniform magnetic field is shown 
by parallel magnetic lines of force spaced an equal distance 
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Fig. 3-2. Magnetic field (a) of a ring current and (b) due to a current- 
carrying coil 


apart. For example, such a field can be obtained in the air 
gap between two flat parallel pole-pieces of a magnet or 
electromagnet. 

The magnetic field of a straight current-conducting wire 
is symmetrical. This means that in a plane at right angles 
to the wire axis, all points equally distant from the wire 
are in identical physical conditions. Hence, the field strength 
is the same at all such points, or, to state this differently, 
at an arbitrary fixed point of the field at the distance r 
from the wire, the field strength remains the same, as the 





Fig. 3-3. Ring-shaped coil 
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wire is rotated about its axis. This is also true of any other 
plane parallel to the above one. 

Another example of a symmetrical field is that around 
a ring-shaped coil whose turns are uniformly distributed 
along the core (Fig. 3-3). As directly follows from the con- 
dition of symmetry, the magnetic lines of force in the core 
are circles whose centres lie on a straight line perpendicular 
to the plane of the drawing and passing through the centre O 
of the coil. It is likewise obvious that the field strength is 
the same at all points on the same magnetic line of force. 


3-2. Magnetomotive Force, Magnetic Field Strength 


The electric current in and the magnetic field around 
a current-carrying conductor are two inseparable facets of 
a single entity known as an electromagnetic field. It is 
customary, however, to say that an electric current has the 
property of producing a magnetic field. This property or, 
rather, ability of an electric current is termed a magnetizing 
force (symbolized by the letter H) or a magnetomotive force, 
mmf, symbolized by the letter F. 

Formally, an mmf produces a magnetic field (a magnetic 
flux, see Sec. 3-4) in much the same way as an emf gives 
rise to an electric current in an electric circuit. 

In the International System of Units, an mmf is assumed 
to be numerically equal to the current producing the magne- 
tic field, so the mmf of a current-carrying conductor is 
F = J. If a current has its path round a loop or in a coil 
with w turns, the mmf is equal to the product of the current 
and the number of turns, that is, F = Jw. 

Naturally, an mmf, like a current, is measured in am- 
peres* 


[FI=W)=A 


The direction of the mmf of a current-carrying coil or 
loop can conveniently be determined by the right-hand coil 
rule, which states: Jf you grasp the coil with your right hand 
so that your fingers go around it in the direction of the current 
in the wires, then the extended thumb will point in the direction 


* In the US and UK literature of the subject, the measure of mag- 
netomotive force is an ampere-turn.— Translator’s note. 
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Fig. 3-4. MMFs of current-carrying 
coils 


of the mmf. Figure 3-4 shows several current-carrying coils 
and the directions of their respective mmfs. 

The mmf in a symmetrical field, say, one due to a ring- 
shaped coil, is uniformly distributed along a magnetic line 
of force. The fraction of the total mmf per unit length of 
a magnetic line of force is called the magnetic field strength 
or magnetic intensity H and is an important characteristic 
of magnetic fields. 

The magnetic field strength at a given point is a function 
of the current in, and the geometry of, the conductor and 
is independent of the properties of the medium, if the latter 
is uniform. The magnetic field strength is a vector quantity. 
In isotropic media, that is, those having the same magnetic 
properties in any direction, the magnetic intensity vector 
has the same direction as the magnetic line of force at that 
point. In the International System of Units, the magnetic 
field strength or magnetic intensity is measured in amperes 
per metre* 


[H] =[F/1] = A/m 


Sometimes, use is made of the oersted, which is not an SI 
unit, defined as 
1 oersted = (approx.) 80 A/m = 0.8 A/cm 
If a magnetic field is symmetrical, it is an easy matter 
to compute its strength. For example, the magnetic field 
strength at a point A which is a distant from the axis of 
a straight current-carrying conductor (Fig. 3-16) will, in 


* In the US and UK literature of the subject, the measure of 
magnetic field strength or magnetic intensity is an ampere-turn per 
metre.— Translator’s note. 
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accordance with the above definition, be given by 
A = 1/1 = I/2na (3-1) 


where / is the length of a magnetic line of force of radius a. 

For example, if a wire carries a current J = 100 A, the 
magnetic field strength within 10 cm (0.1 m) of the wire’s 
axis will be 


H = 1/2na = 100/(2 x 3.14 x 0.14) 


= 100/0.628 = (approx.) 160 A/m 
By analogy with an electric potential difference, one often 
uses the concept of magnetic potential difference Um. 
The magnetic potential difference between two points in 
a uniform magnetic field, located on a common magnetic 
line of force, is given by the product of the magnetic field 
strength and the separation between the points: 


Vm = Hl (3-2a) 
In a nonuniform magnetic field, the magnetic potential 
difference between two points in a field is the sum of the 
elementary magnetic potential differences H Al over ele- 
mentary intervals Al along the specified path between the 
points: 
Vn= XHAL (3-25) 
In the International System of Units, the magnetic po- 
tential difference is measured in amperes* 


LV ml = [41] =(A/‘m)m=A 
The magnetic potential difference around an arbitrary 
closed contour gives the mmf. Thus, the mmf may be defined 


as the sum of the magnetic potential differences (HAL) 
around a closed contour 


F=SHAI 


3-3. Ampere’s Circuital Law 


The algebraic sum of the currents linked by a surface bounded 
by a closed coniour is referred to as the total current. 


* In the UK and US literature of the subject, the measure of 
magnetic potential difference is ampere-turn.— Translator’s note. 
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Fig. 3-5. Current-carrying wire 
passing through a surface _per- 
pendicular to the wire axis 





Using Eq. (8-1), we may write for the magnetic field 
strength at a distance a (Fig. 3-16) from the axis of a straight 
conductor carrying a current / 


1 =H X 2na = HI (3-3) 


The product of the magnetic field strength H by the length 

of the magnetic line of force, 1 = 2ma, which bounds the 

closed contour, is the mmf, /’,,. The surface bounded by the 

magnetic line of force (Fig. 3-5) in our case links the same 

current J, so the algebraic sum of currents is LJ = J. 
Equation (3-3) may be re-written as 


SI = Fm (3-4) 


Thus, the mmf around a closed contour is equal to the total 
current linked by the surface bounded by that contour. This 
relation is known as Ampere’s circuital law. We have derived 
it from a simple example. 

If the magnetic field strength is not the same along a 
magnetic line of force, the mmf is found as the sum of the 
products Hl for the various sections, that is, 


Peel Ae Ae = 


3-4. Magnetic Induction, Permeability, Magnetic Flux 


When an unvarying current J traverses a coil of w turns, 
the magnetic field strength H remains unchanged. This 
observation also holds when an iron core is placed inside 
the coil. In the latter case, however, the field density inside 
the coil increases appreciably owing to the molecular currents 
of the core, that is, owing to the change in the state of the 
medium (the core) in which the magnetic field exists. The 


G* 
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density of a field at each point, adjusted for the effect of 
the medium, is characterized in terms of the magnetic in- 
duction, LB. 

Magnetic induction is a vector associated with the force 
that the magnetic field exerts on a current element (see 
Sec. 3-5). Thus, magnetic induction is a force characteristic 
of a magnetic field. 

The magnetic induction vector points in the same direction 
as a line tangent to the magnetic lines of force. In isotropic 
media, this is the direction of the magnetic intensity vector. 
Also, because. the density of magnetic lines of force is pro- 
portional to the field intensity characterized by the magnetic 
induction, it may be said that the magnetic lines of force 
are also lines of magnetic induction. 

Magnetic induction and magnetic field strength are con- 
nected by a simple relation of the form 


B =u. (3-5) 


where pu, is the absclute permeability of the medium. 

From a comparison of the magnetic field due to the current 
in a wire placed in a given medium and in a vacuum, it has 
been found that the properties of the medium affect the 
magnetic field strength. In a paramagnetic medium, the 
field is augmented; in a diamagnetic medium, it is weakened. 
Thus, the magnetic induction B is a function of the proper- 
ties of the medium in which the field exists. 

The absolute permeability of vacuum is termed the magne- 
tic constant (its, symbol is py or, sometimes, p,). In the 
International System of Units, it is defined as 


Ug = 401077 ohms X s/m 


One ohm-second (Qs) is called the henry which is the 
unit of inductance (see Sec. 3-16). Thus, 


Ho = 40 x 10-? H/m = (approx.) 125 x 10°? H/m_ = (3-6) 


The absolute permeability of materials (media) is com- 
pared with the magnetic constant. The ratio of the absolute 
permeability of a material to the magnetic constant is 
termed the relative permeability of that material, symbolized 
by the letter p: 


= Ha/ Mo (3-7) 
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The relative permeability of a material is a dimensionless 
quantity. For diamagnetic materials and media, it is less 
than unity. For example, for copper p = 0.999995, for para- 
magnetic materials p> 1, for air pw = 1.0000031. For 
wngineering purposes, the relative permeability of diamagne- 
(ic and paramagnetic materials and media is assumed to be 
unity. 

The relative permeability of ferromagnetic materials 
(400 Sec. 3-9) which play an exceptionally important part 
in clectrical engineering, runs into tens of thousands and 
depends on the material, temperature, induction, and mag- 
notic field strength. 

The unit of magnetic induction, the tesla, can be deduced 
from Eq. (3-5) 


[B] = [po] = [pop] = (H/m) (A/m) 

_ QaxsxA _ Vs 

= Sar 

The volt second, Vs, is called the weber, Wb, the unit of 

magnetic flux. The weber per square metre, Whb/m’, is 

enlled the tesla, T. Thus, in the International System of 

\Inits, magnetic induction can be measured in webers per 
nquare metre or in teslas, [B] = Wb/m? = T. 

In the calculation of magnetic fields, use is often made 

of the gauss, G, which is not an SI unit: 


1G =107*T = 10+ Wb/m? 


The product of the magnetic induction B of a uniform 


field by the surface area S perpendicular to the magnetic 
induction vector is called the magnetic flux 
@O = BS (3-8) 


Ax already noted, the SI unit of magnetic flux is the weber 
or volt second: 


[] = [BS] = “$m? =Vs= Wb 
‘Thore is a smaller unit of magnetic flux, not covered by the 
“lt; it is called the maxwell, Mx 
4 Mx = 10-° Wb 
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density of a field at each point, adjusted for the effect of 
the medium, is characterized in terms of the magnetic in- 
duction, B. 

Magnetic induction is a vector associated with the force 
that the magnetic field exerts on a current element (see 
Sec. 3-5). Thus, magnetic induction is a force characteristic 
of a magnetic field. 

The magnetic induction vector points in the same direction 
as a line tangent to the magnetic lines of force. In isotropic 
media, this is the direction of the magnetic intensity vector. 
Also, because. the density of magnetic lines of force is pro- 
portional to the field intensity characterized by the magnetic 
induction, it may be said that the magnetic lines of force 
are also lines of magnetic induction. 

Magnetic induction and magnetic field strength are con- 
nected by a simple relation of the form 


B= pH (3-9) 


where p, is the absclute permeability of the medium. 

From a comparison of the magnetic field due to the current 
in a wire placed in a given medium and in a vacuun, it has 
been found that the properties of the medium affect the 
magnetic field strength. In a paramagnetic medium, the 
field is augmented; in a diamagnetic medium, it is weakened. 
Thus, the magnetic induction B is a function ot the proper- 
ties of the medium in which the field exists. 

The absolute permeability of vacuum is termed the magne- 
tic constant (its; symbol is uo or, sometimes, p,). In the 
International System of Units, it is defined as 


Ug == 401077 ohms X s/m 


One ohm-second (Qs) is called the henry which is the 
unit of inductance (see Sec. 3-16). Thus, 


My = 40 xX 107? H/m = (approx.) 125 x 10°° H/m_ = (3-6) 


The absolute permeability of materials (media) is com- 
pared with the magnetic constant. The ratio of the absolute 
permeability of a material to the magnetic constant is 
termed the relative permeability of that material, symbolized 
by the letter p: 


= Ua/to (3-7) 
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The relative permeability of a material is a dimensionless 
quantity. For diamagnetic materials and media, it is less 
than unity. For example, for copper p = 0. 999995, for para- 
magnetic materials w» > 1, for air p = 1. 0000031. For 
engineering purposes, the relative permeability of diamagne- 
tic and paramagnetic materials and media is assumed to be 
unity. 

The relative permeability of ferromagnetic materials 
(see Sec. 3-9) which play an exceptionally important part 
in electrical engineering, runs into tens of thousands and 
depends on the material, temperature, induction, and mag- 
netic field strength. 

The unit of magnetic induction, the tesla, can be deduced 
from Eq. (3-5) 


[B] = (po H] = (yop) = (H/m) (A/m) 
_ QxXsxXA aS cp 
= Ear 
The volt second, Vs, is called the weber, Wb, the unit of 
magnetic flux. The weber per square metre, Wh/m?, is 
called the tesla, T. Thus, in the International System of 
Units, magnetic induction can be measured in webers per 
square metre or in teslas, [B] = Wb/m? = T. 

In the calculation of magnetic fields, use is often made 
of the gauss, G, which is not an SI unit: 


1G = 10* T = 10+ Wb/m? 


The product of the magnetic induction B of a uniform 
field by the surface area S perpendicular to the magnetic 
induction vector is called the magnetic flux 


® = BS (3-8) 


As already noted, the SI unit of magnetic flux is the weber 
or volt second: 


[| =[BS] = “$ m?=Vs= Wb 
There is a smaller unit of magnetic flux, not covered by the 
SI; it is called the maxwell, Mx 
1 Mx = 10-° Wb 
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The magnetic flux is an important physical quantity. As 
will be shown shortly, the work done by a conductor carrying 
a current / in cutting a magnetic flux ® is equal to the pro- 
duct of the magnetic flux by the current, that is, W = OI. 
As is shown in Sec. 3-12, the rate of change of the magnetic 
flux linking a current-carrying loop is equal to the emf 
induced in that loop. 

The magnetic field strength in a uniform medium surroun- 
ding a straight current-carrying conductor (Fig. 3-1b) is 
given by Eq. (3-1). 

The product of the magnetic field strength by the absolute 
permeability of the medium gives the magnetic induction 


B= ,H = wy (J/20a) = 4np (I/2na) x 1077 — (3-9) 


where the current / is in amperes, the distance a is in metres, 
and the magnetic induction 8B is in teslas. 

If a current-carrying conductor is placed in a non-ferro- 
magnetic medium, then, on setting p = 1, we get 


B=A4n (I/2na) x 107? = (2I/a) x 107 (3-9a) 


This equation holds for any value of a greater than the wire 
radius and for a wire of infinite length. However, it is also 
applicable to a finite conductor, if the distance a is a frac- 
tion of the wire length. 


3-5. Electromagnetic Force 
(a) A Straight Current-Carrying Wire in a Magnetic Field 


If we place a straight conductor carrying a current / in a 
magnetic field at right angles to its lines of force (Fig. 3-6a), 
the field will exert on it an electromagnetic force F. This 
force is proportional to the current J, the active length / 
of the conductor (the part of the conductor which lies inside 
the field), and the magnetic induction B 


= [Bl (3-10) 


If the current is in amperes, the magnetic induction in tes- 
las, and the length in metres, then the electromagnetic 
force will be in newtons 


[F] = BY =Ax Tx m=A~$m=4**8_ J/m=n 
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(5) 


Fig. 3-6. (a) Current-carrying wire in a magne- 
tic field; (b) the left-hand (wire) rule 


The direction of the electromagnetic force F (Fig. 3-6b) 
can conveniently be determined by the left-hand rule: If you 
place your left palm so that the magnetic induction vector 
enters it, and extend the four fingers in the direction of the 
current flow, then the thumb extended at right angles will give 
the direction of the electromagnetic force. 

If we move a current-carrying conductor through a uniform 
magnetic field so as to vary the angle a between the direc- 
tion of the conductor and that of the field, while holding J, 
B and 1 constant, the force exerted on the conductor will 
vary in proportion to sin a. When the conductor is parallel 
to the magnetic lines of force, the electromagnetic force is 
Zero. 

‘Thus, in the general case 


F = /JBlsina (3-10a) 


The force that a magnetic field exerts on current-carrying 
conductors is widely utilized in a variety of electromagnetic 
mechanisms, notably electric motors.) 


Example 3-1. Given: A wire with an active length of 
20 cm (0.2 m), carrying a current of 300 A, placed in a 
uniform magnetic field of 1.2 T induction. 
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Fig. 3-7. Wire moved through 
a distance b in a magnetic field 


To find: The electromagnetic force acting on the conductor 
when it lies in a plane perpendicular to the field. 
Solution. 
F = BIl =1.2 x 300 x 0.2 = 72 N 


Suppose that a straight conductor carrying a current J is 
placed in a uniform magnetic field in a plane perpendicular 
to the field (Fig. 3-7). If the electromagnetic force causes 
this conductor to move in this plane in a direction normal 
to its axis for a distance b, the conductor will cut a magnetic 
flux given by D = BS = Blb. As a result, the electromag- 
netic force will have done mechanical work given by 

W = Fb = IBlb = ID (3-11) 


Or, to state this in words, the mechanical work done in 
moving a current-carrying conductor in a magnetic field 
is equal to the product of the current in the wire by the 
magnetic flux it cuts. The energy expended in doing this 
work is supplied by an external power source. 


Example 3-2. Given: A uniform magnetic field of 1.5 T 
induction and a wire 30 cm (0.3 m) long, carrying a current 
of 200 A. 

To find: The work done in moving the wire for a distance 
of 20 cm (0.2 m) in a plane perpendicular to the field. 

Solution. 

The magnetic flux cut by the wire is 


® = BS = 1.5 x 0.3 X 0.2 = 0.09 Wb 
The work done in moving the wire is 
W = OF = 0.09 x 200 = 18 J 
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(b) A Current-Carrying Loop in a Magnetic Field 


Let us place the sides of a current-carrying rectangular 
coil or loop (Fig. 3-8a), which are at right angles to the 
plane of the drawing, in a uniform field. We shall note that 


fF 


fF 

(4) 
Fig. 3-8. Electromagnetic forces acting on 
current-carrying loop 





the electromagnetic force F gives rise to a turning moment, 
or torque. This torque will cause the loop to take up a posi- 
tion where the applied forces will balance out (Fig. 3-80), 
but the loop will link a maximum magnetic flux. Therefore, 
we can conclude that when a current-carrying loop is placed 
in a magnetic field, it tends, due to the action of electromagnetic 
forces, to take up a position where it links a maximum magnetic 
flux. 


{c) An Electron Moving in a Magnetic Field 


The electromagnetic force that a magnetic field exerts on 
a current-carrying wire / long (see Fig. 3-6) is 
F = IJBl 
This force may be regarded as the sum of the forces exerted 
on the free electrons of the wire that produce the electric 
current. 


Let the number of free electrons in a wire J long be N. 
Then the force acting on an electron is 


F, = FIN (3-12) 


If we designate the total charge carried by free electrons 
as Q = Ne and their average velocity as v = l/f, then the 
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Fig. 3-9. Direction of the elec- 
tromagnetic force acting on a 
moving electron 





electromagnetic force exerted on an electron moving at 
right angles to the field will be 


Fy = FIN = (Q/t) BL(A/N) = (Ne/t) Bl (A/N) = Bev 

(3-13) 

The direction of this force (Fig. 3-9) can be determined by 

the left-hand rule, with the four fingers extended against 
the motion of electron. 


3-6. Interaction of Parallel Current-Carrying 
Conductors 


Each of two parallel conductors carrying currents J, and J, 
(Fig. 3-10) gives rise to a magnetic field of its own. As a re- 
sult, the first wire found in the magnetic field due to the 
current J, is acted upon by a force F,, and the second in the 
magnetic field due to the current J,, by a force F4. 

If the length of the parallel wires is considerably greater 
than the spacing a between them, then, by Eq. (3-9), the 
magnetic induction of each field within a distance a of the 
wires is 

B,= La (7,/2na) 

By = w, (I,/20a) (3-14) 
The vectors 2, and 2, are perpendicular to the plane passing 
through the wire axes, and their direction is given by the 
corkscrew rule. 

By Eq. (38-10), the force exerted on the first wire is 


F, = I, Bol = Ual(T,l,/2na){l (3-15) 
Similarly, the force exerted on the second wire is 
F. = I,Byl = Ua (1,I,/2na) 1 (3-16) 
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Fig. 3-10. Electromagnetic (electrodynamic) forces acting between 
current-carrying conductors 


It follows from the last two equations that the forces 
exerted on the wires are equal, that is, *, = F,. They are 
called electrodynamic forces. 

When wires are placed in a vacuum or air, pw, in Eqs. (3-15) 
and (3-16) is replaced by po, because p = 1 and pg = py = 


——— Lo- 


3-7. The Magnetic Field due to a Current-Carrying Coil 


The field can be concentrated in a particular region of 
space by passing a current through a coil. A further increase 
in the magnetic induction of the field can be achieved by 
increasing the number of turns in the coil and by fitting 
inside it an iron core whose molecular currents will produce 
a field of their own, thereby enhancing the main field set up 
by the coil turns. 

Suppose we have a ring-shaped coil (Fig. 3-11) having w 
turns uniformly distributed along a non-magnetic core. 
The mean magnetic line of force coincides with a circle of 
radius R. This circle bounds a surface (or contour) which 
links a total current, 2/J = Iw. 

Owing to its symmetry, the magnetic field strength H is 
the same at any point on the mean magnetic line of force, 
so the mmf is 


Fy, = Hl =H x 2nR 


By the Ampere circuital law, 
Iw= Hl (3-17) 
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Fig. 3-11. Ring-shaped coil 


whence the magnetic field strength along the mean magnetic 
line of force coincident with the axial line of the ring-shaped 
coil is 
H = Iu/l (3-18) 
and the magnetic induction in teslas is 
B=p,H =p, (Iw/l) =125p(Tw/l) x 10-8 (3-19) 


If R, — R, < R,, the magnetic induction of the axial 
line of the coil may, with sufficient accuracy, be deemed 
equal to its average value, so the magnetic flux through 
the cross-sectional area of the coil is 


® = BS = ulwS/l (3-20) 
Equation (8-20) may be re-cast as follows 
O = [w/[l/(ugS)] = Fm/Rm (3-21) 


where @® is the magnetic flux, /,, is the mmf, and R,, = 
= 1/(u,S) is the reluctance of the magnetic circuit (core) 
of the coil. Here, the reluctance is an attribute of a magnetic 
circuit corresponding to the resistance of an electric circuit. 
It is easy to recognize that Eq. (3-21) looks like Ohm’s 
law for an electric circuit; it is known as Bosanquet’s law. 

A cylindrical coil (Fig. 3-12) may be regarded as part of 
a ring-shaped coil of a large radius, whose winding is posi- 
tioned only on some part of the core with a length equal 
to the coil length. The magnetic field strength and magnetic 
induction on the axial line at the centre of a cylindrical coil 
can be found by Egs. (8-18) and (3-19). However, these 
equations are approximate and hold only for coils for which 
L > d (see Fig. 3-12). 
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Fig. 3-12. Cylindrical coil 


Example 3-5: Given: A cylindrical coil with a nonferro- 
magnetic core (u = 1), 30 cm (0.3 m) long and 5 cm (0.05 m) 
in diameter, carrying 2000 turns. 

To find: The magnetic flux of the coil for a current of 5 A. 

Solution. 

The magnetic flux of the coil is 


2X 2000 x 3.14 x 0.052 
0.3x4 


x 10-7 = 8.22 x 10-5 Wb 


@D = 4np (IwS/l) x 10°? = 4n x 1 


3-8. Ferromagnetics. Magnetization and Reversal 
of Magnetization 


Ferromagnetics is a term applied to materials having high 
permeability. They include steel, iron, nickel, cobalt, their 
alloys, and some other metals. 

The magnetic properties of a material depend on the 
magnetic properties of the elementary carriers of magnetism, 
that is, the electrons moving inside the atoms, and also on 
the interaction between their groups. 

Moving in orbits around the atomic nucleus, the electrons 
give rise to elementary currents or magnetic dipoles which 
are characterized by the magnetic dipole moment, m. The 
magnetic dipole moment is given by the product of the 
elementary current i and the elementary surface S (Fig. 3-13) 
bounded by an elementary contour 


m= iS 


The vector m is perpendicular to the surface S, and its di- 
rection is determined by the corkscrew rule. The magnetic 
moment of a body is the vectorial sum of all of its individual 
magnetic dipole moments. 

In addition to the magnetic dipole moment, there is also 
the magnetic moment arising from the spin of the electron 


94 a - Part One. Electricity 


: t Fig. 3-13. Magnetic dipole mo- 
ment due to an_ elementary 
current 


about its axis. It is primarily the electron-spin magnetic 
moment that is responsible for ferromagnetism. 

Present-day theory holds that ferromagnetic materials 
are composed of many small regions, or domains (10~ to 
10-° cm® in size), each of which shows a spontaneous magne- 
tization. When no external field is applied to a ferromagnetic 
material, the domains orient themselves in all likely direc- 
tions, leaving the sample with zero resultant magnetization. 
When an external field is applied, such as one due to a cur- 
rent-carrying coil, the domains are rearranged so as to pro- 
duce a net magnetization along the applied field, while the 
domains whose magnetic moments are directed approximate- 
ly with the field grow in size. The result is the magnetiza- 
tion of the sample. 

As the applied field is raised, an instant is finally achieved 
when all domains are arranged in the direction of the field 
and cease growing in size. The sample is said to have achiev- 
ed a maximum state of magnetization; this condition is 
called magnetic saturation. 

A magnetic circuit made up predominantly of ferromagne- 
tic materials is capable of producing a large magnetic 
induction at a relatively small mmf. 

In his experiments in 1872, Professor Stoletov of Moscow 
University placed an iron core in a current-carrying coil 
and measured the resultant magnetic induction B for va- 
rious values of the magnetic field strength H; in his experi- 
ment he derived what is today known as the initial magneti- 
zation curve, B = f (H), (Fig. 3-14). 

The magnetization curve has three distinct regions, name- 
ly (1) a linear portion Oa which indicates that at first the 
magnetization builds up at a high rate and almost in pro- 
portion to the magnetic field strength; (2) a kink ab, within 
which the build-up of magnetic induction slows down, 
and (3) a linear portion past the kink ab, where B is a linear 
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function “of H, although its 
rise is slow because of magne- 
tic saturation. 

The B = f (A) curve shows 
that the permeability us = 
= B/H of aferromagnetic ma- 
terial is a varying quantity 
and depends on the ;magnetic 
field strength. 

In a.c. circuits, ferromagne- 
tic materials undergo reversals 
of (or cyclic) magnetization. A od 

As the magnetizing current SY eter 
and, as a consequence, the es 
magnetic field strength H is A. G. Stoletov @ (1839-1896) 
increased, the magnetic in- 
duction also increases until it attains a maximum value 
+B, (Fig. 3-15). As H is brought down, B also decreases, 
but more slowly and it has greater values for the same 
values of H than on the rising portion of the curve (region 
AC). When H = 0, the magnetic induction is still nonzero, 
and the remainder is called the residual induction, or rema- 
nence, B, (the region OC in the plot of Fig. 3-15). 

It follows from the foregoing that the magnetic induction 
of a sample depends not only on the magnetic field strength, 
but also on the previous history of the ferromagnetic mate- 
rial. The lag with which the magnetic induction follows 
changes in the magnetic field strength is called magnetic 
hysteresis. It may be visualized to arise from something like 
viscous friction as the magnetic moments of the domains 
change their orientation. 

Reversals of the magnetizing current are accompanied by 
those of the magnetic field strength. The reverse H needed 
to reduce B, to zero is called the coercive force, H, (region 
OD). 

As we keep increasing H in the reverse direction, the magne- 
tic induction attains a negative maximum value, —B,. 
If, now, we reduce H to zero, B will drop off to its residual 
value (region OF). If we reverse H again and bring it up 
to a maximum, the magnetic induction will reach the value 
designated +8, in the graph. 
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Fig. 3-14. Initial magnetization Fig. 3-15. Hysteresis loop 
curve of steel 


Thus, reversals of magnetization (or cyclic magnetization) 
of a ferromagnetic sample can graphically be depicted by 
a closed curve ACDEFGA, known as the symmetric hysteresis 
loop. The maximum hysteresis loop attainable by a given 
material is called its major cyclic hysteresis loop. 

If we plot several symmetric hysteresis loops for a given 
ferromagnetic material at different values of B,, (Fig. 3-16) 
and join the tips of the loops, we shall obtain what is known 
as the principal or major magnetization curve which closely 
follows the initial magnetization curve. 

The cyclic magnetization of steel raises its temperature, 
because hysteresis entails a loss of energy. The area of the 


Fig. 3-16. Three hysteresis 
loops and the principal mag- 
netization curves of steel 
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Fig. 3-17. Hysteresis loops for various materials 


1—magnetically soft material (electrical-sheet steel); 2—magne- 
tically soft material (Permalloy, square B-H loop); 3—magne- 
tically hard material 


hysteresis loop is proportional to the energy expended to 
carry out one cycle of magnetization. 

The power lost due to hysteresis per unit mass of the ma- 
terial (specific hysteresis loss) depends on the quality of the 
material, magnetic induction, and the cycles of magnetiza- 
tion per second or, which is the same, the frequency f of the 
alternating current traversing the coil of the electromagnet. 

The principal magnetization curve and the hysteresis 
loop of a sample characterize its properties. Figure 3-17 
shows hysteresis loops for magnetically soft steel, Permalloy, 
and magnetically hard steel. 


3-9. Ferromagnetic Materials 
(a) Soft Magnetic Materials 


Magnetically soft materials have high permeability, low 
coercive force (less than 400 A/m) and low specific hysteresis 
loss. Among them are ingot iron, Permalloys, electrical-sheet 
steels, and ferrites. They go to make magnetic circuits (cores) 
for dc. and a.c. applications. 

Ingot iron (max 0.04% carbon) has high saturation induc- 
tion (up to 2.2 T), high permeability (u = 3500 to 7000), 
and low coercive force (H, = 50 to 100 A/m). It is used in 
the manufacture of cores for d.c. magnetic fields. 

Electrical-sheet steels are alloys of iron and silicon (1 to 
4% Si). The silicon improves the properties of the iron. 
Among other things, it increases permeability, reduces 
coercive force and hysteresis loss and, what is most impor- 


7—0215 
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Fig. 3-18. Magnetization curve of several 
ferromagnetic materials 


tant, raises the resistivity and, as a consequence, brings 
down eddy currents (Sec. 3-15) together with the associated 
losses. 

Low-silicon steels have a lower permeability, a higher 
saturation induction, and a higher specific hysteresis loss. 
They are used in d.c. and low-frequency a.c. circuits opera- 
ting at high magnetic induction. 

High-silicon steels (2.8-4.8% Si) are used in circuits opera- 
ting at power and high frequencies, where it is important 
to ensure low hysteresis and eddy-current losses or high 
permeability at low and medium field strengths. 

In the Soviet Union, electrical-sheet steels are marked 
according to USSR State Standard GOST 802-58. The 
designation consists of the Russian letter “9” (for “electric’”) 
and appropriate numerals. The first digit gives silicon con- 
tent in per cent, the second defines the electromagnetic 
properties, and the third is “O” which indicates that the 
steel is cold-rolled. 

The principal magnetization curve for 9330 electrical- 
sheet steel is shown in Fig. 3-18. 

Permalloys are alloys of iron, nickel and some other ele- 
ments. They have high permeability in weak magnetic 
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fields. They are classed into high-nickel (70-80% Ni) and 
low-nickel (40-50% Ni) grades. 

The magnetic properties of Permalloys strongly depend 
on their nickel content and the manufacturing process used. 

According to Soviet convention, the Russian letter “II” 
in the designation of a Permalloy indicates that it has a rec- 
tangular or, as is often said, square hysteresis (or B-H) 
loop (Fig. 3-17,2). The ratio of the residual induction B, 
to the maximum induction B,, (B,/B,) is called the square- 
ness ratio of the material. It may be as high as 0.95 to 0.99. 

Ferrites can be of two types, cermet ferrites and oxide 
ferrites (or oxifers). The former are produced from metal- 
ceramic mixtures in a finely divided (powdered) state by 
pressing to shape and sintering. The latter are manufactured 
by the thermal decomposition of nickel and zinc salts. The 
two types are very close in magnetic properties, although 
within each type it is possible to fabricate various grades 
(magnetically hard, magnetically soft, with a square B-H 
loop, and so on), to suit a wide variety of applications. 

Micropowder magnets (or powdered-dust eores) are mate- 
rials prepared from fine particles of a ferromagnetic material 
(metal) bonded together by a dielectric such as PVC or 
polyethylene. The mixture is moulded, subjected to pressure, 
and baked. 

Ferrites and powdered-dust cores are widely used in trans- 
formers, wire and radio communication equipment, compu- 
ters, automatic control systems, etc. Especially wide use is 
made of ring-shaped square B-H loop cores in the memory 
(storage) units of computers. Such cores have the property 
to be magnetized to saturation by a current pulse and to 
store the residual magnetization for a long time. 


(b) Hard Magnetic Materials 


Magnetically hard materials have high coercive force and 
high remanence, so they make good permanent magnets in a 
variety of designs and applications. These materials include 
carbon steels, tungsten steels, chromium steels and cobalt 
steels which have a coercive force of 5000 to 13,000 A/m 
and a remanence of 0.7 to 1 T. They can readily be forged, 
rolled, and machined. 


qT* 
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Hard magnetic/ materials also_include alloys containing 
various amounts of iron, aluminium, nickel, silicon and 
cobalt, and known under various names, such as Alni, 
Alnisi, Alnico and Magnico. They have better magnetic 
properties than the materials listed in the previous paragraph. 
Their coercive force is from 20,000 to 60,000 A/m and the 
remanence from 0.2 to 2.25 T. These alloys are fabricated 
into magnets by casting, and the castings thus produced 
need then only grinding. 

Powdered-dust magnets are fabricated by sintering fine 
particles of Alni and Alnico. 


3-10. The Magnetic Circuit and Its Designing 


A magnetic circuit is an assemblage of ferromagnetic cores 
with or without an air gap, which provides a closed path 
for a magnetic flux. The use of ferromagnetic materials 
stems from the desire to minimize the reluctance of the 
circuit, Eq. (3-21), to a value such that the desired magnetic 
induction or magnetic flux can be produced with a minimum 
mmf. 

An elementary magnetic circuit is the core of a ring-shaped 
coil (Fig. 3-11). Magnetic circuits may be single-path and 
multi-path. In the latter, the various sections may differ 
in materials. 

The design (or solution) of a magnetic circuit reduces to 
finding the mmf from the specified magnetic flux, circuit 
dimensions and materials. 

More specifically, one divides the magnetic circuit into 
sections, so that each has a constant cross-section and a uni- 
form field throughout, assigns the sections suitable indexes, 
say, l,, 1, and so on, finds the magnetic induction B = ©/S 
for each section and, using the magnetization curves of 
Fig. 3-18, determines the respective magnetic field strengths. 
The magnetic field strength in an air gap or a nonferromagne- 
tic material is 


Hy = Bo/uWo = (approx.) 0.8 x 10°B, (3-22) 
where H, is in amperes per metre and B, in teslas, or 
Hy —— 0.8B, 
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Fig. 3-19. Illustrating 
Example 3-6 





if Hy is in amperes per centimetre and By in gauss. 

By the Ampere circuital law, the sum of the magnetic 
field strengths in the individual sections gives the total 
current 


Hil, + Hele + Hol) +... = Iw 


Example 3-6. Determine the number of turns for the core 
of Fig. 3-19 required to obtain a magnetic flux of 47 xX 
<x 10-4 Wh if the coil is traversed by a current of 25 A. 
The top part of the core is 3330 electrical-sheet steel and 
the bottom part is a cast steel. The 9330 steel core is in 
three sections, namely /, = 54 cm (0.54 m) long and S, = 
= 36 cm? (0.0036 m?) in cross-section, the second |], = 
= 17 cm (0.17 m) long and S, = 48 cm? (0.0048 m?) in 
cross-section, and the third (the air gap) J) = 0.59 X 2 = 
= 1 cm (0.01 m) long and Sy) = 36 cm?!(0.0036 m?) in 
cross-section. 

Solution. 

The magnetic induction in the first, second and third 
sections of the magnetic circuit are 


B,=—@/S,=47 x 104/36 x 10°4=1.3 T 
B, == O/S, = 47 x 1074 / 48 x 10°4 = 0.98 T 
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From the magnetization curve for 9330 electrical-sheet 
steel (see}Fig. 3-18) we find that an induction of 1.3 T 
corresponds to a magnetic field strength of 750 A/m. 

The magnetic potential difference across the first section is 


Vii = A,l, =750 x 0.54 = 405 A 

For the second section (see Fig. 3-18), 
H, = 400 A/m 

and the magnetic potential difference is 

V m2 = Hpl, = 400 x 0.17 =68 A 

The magnetic field strength in the air gap is 
H, = 0.8 x 10®B, = 0.8 x 10® x 1.3 
= 1.04 x 10° A/m 


and the magnetic potential difference across the air gap is 


V mo = Holo = 1.04 x 108 x 0.01 = 10,400 A 
Hence, the mmf is 
F,,=Vmi tV me + V mo = 409 + 68 + 10,400 
= 10,873 A 


The number of turns in the coil must be 
w = F,/I = 10,873/25 = 435 turns 


3-11. Electromagnets 


If we place an iron slug (an open magnetic circuit) near 
one end of a current-carrying coil as shown in Fig. 3-20, 
the electromagnetic forces will pull the slug inside the coil 
where it will take up a position for which the magnetic 
field is a maximum. 

The above property is utilized in devices known as electro- 
magnets. 

An electromagnet consists of a current-carrying coil 
called a solenoid, and a magnetic circuit made up of 
a movable part, or armature (at 2 in Fig. 3-21), and a sta- 
tionary part (at 7 in Fig. 3-21). When the solenoid is ener- 
gized, the stationary part attracts the armature, the force 
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Fig. 3-20. Electromagnet with Fig. 3-21. Electromagnet ;with 
an open magnetic circuit a closed magnetic circuit 


of attraction being 
F = (approx.) 4 x 105B?S (3-23) 


where F is in newtons, B is in teslas, and S (the cross-sectio- 
nal area of the pole pieces) is in square metres. 

If the magnetic circuit of a solenoid is unsaturated, it 
is possible to vary the magnetic induction and, as a conse- 
quence, the pull by varying the current traversing the sole- 
noid. 

Electromagnets have found many uses, for example to 
clamp steel workpieces in machine-tools, in automatic circuit 
breakers, relays, brakes, and so on. 


Example 3-7. Given: The magnetic induction B = 1.2 T; 
the cross-sectional area of the pole-pieces S = 200 cm? 
(0.02 m7). 

To find: The pull of the electromagnet. 

Solution, The pull of any electromagnet is given by 


F = 4» 105B?*S 


On substituting the specified numerical values in the above 
general equation, we obtain 


F = approx.) 4 x 10® x 1.2? x 0,02 = 1,15 x 10* N 


104 Part One. Electricity 


3-12. Electromagnetic Induction 
(a) The EMF Induced in a Conducfor 


When a wire is moved with a velocity v, free electrons 
and positive ions of its material are moving with the same 
velocity. If the wire is moved in a uniform field at right 
angles to the magnetic lines of force (Fig. 3-22), every 
charged particle is acted upon by an electromagnetic force 
(see Sec. 3-5) whose direction is given by the left-hand rule. 
This force causes the electrons to move to one end of the 
wire, thereby building up a negative charge at that end 
and leaving a deficiency of electrons, or a positive charge, 
at the other. This separation of charges ceases as soon asthe 
electromagnetic force is balanced by the electric force of 
attraction between the dissimilar charges. This chain of 
events gives rise to an emf in the wire, referred to as the 
emf of electromagnetic induction, and the process itself is 
called electromagnetic induction. It was discovered by Mi- 
chael Faraday of England in 1831. 

The voltage V between the ends of an open circuit is 
equal to the emf of electromagnetic induction E. Thus, 
according to Eq. (1-30), we have 


E=6l 


Because, however, € = F,/e, and the force acting on an 
electron, according to Eq. (3-6), is fy = Bue, we have 


E = Blu (3-24) 


Or, we may state, the emf of electromagnetic induction induced 
in a wire is proportional to the magnetic induction of the field 
in which the wire is moving, the length and velocity of the wire 
in the direction normal to the magnetic lines of force. This is 
one of the many statements of the law of electromagnetic 
induction. 

The direction of the induced emf is given by the right- 
hand (wire) rule: If you extend your right-hand palm so that 
the magnetic lines of force enter it and extend your thumb so 
that it points in the direction of the motion of the wire, then 
the four stretched fingers will indicate the direction of the 
induced emf (Fig. 3-23). 

If the wire is moved in a plane making an angle a with 
the magnetic induction vector, the emf will only be contri- 
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8 
Fig. 3-22. Motion of a wire in Fig. 3-23. Right-hand (wire) 
a magnetic field rule 


buted by the velocity component perpendicular to the 
magnetic induction vector, or mathematically, v, = v sin a, 
and the induced emf will be 
E = Bly, = Blv sina (3-25) 
If the wire is moved in a plane normal to the magnetic 
lines of force with a velocity v = Ab/At, the induced emf 
will be 
E = Blv= Bl (Ab/At) 


Recalling that the product of magnetic induction B and 
an element of surface AS = lAb gives the magnetic flux 
A® = BAS cut by the wire in time Af, the induced emf 
will be 

E = BI (Ab/At) = A®D/At (3-26) 


Or, to state this in words, the induced emf is equal to the rate 
at which the wire cuts the magnetic fluz. 


(b) The EMF Induced in a Loop 


If a loop (Fig. 3-24) is moved in a nonuniform field in 
a plane normal to the magnetic lines of force (labelled by 
crosses in Fig. 3-24) in the direction marked by the arrow, 
this motion will induce emfs e, and e, in the loop sides J 
and 2. The directions of these emfs, as found by the right- 
hand rule, are indicated by arrows. No emfs are induced in 
the loop sides 3 and 4, because they do not cut the magnetic 
flux. | | | 
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Fig. 3-24. Motion of a loop in 
+ i i a i a magnetic field 


+ + + + + 


If we designate as AM, and AQ®, the fluxes cut by the 
sides 7 and 2 in time At, respectively, we may write the 
induced emf according to Eq. (3-26) as 


a= AQ®,/At 
and 
Co = AQ®,/At 


At the end of the time AZ, the magnetic flux AQ, will find 
itself inside and the magnetic flux A®, outside the moving 
loop (see Fig. 3-24). Because the direction of an emf is related 
to the applied magnetic flux by the corkscrew rule, e, will 
be in the positive direction and e, in the negative. Thus the 
net emf induced in the loop will be 


€ =n —- &y = (AQ, = AQD,)/At 
— —AO/At (3-27) 


On replacing the elementary increments in the flux and 
time, A® and Af, by their infinitesimal changes, d® and df, 
the emf induced in a loop at any arbitrary time can be writ- 
ten 


e = —dQ/dt (3-28) 


Or, to state the above expression in words, the emf of electro- 
magnetic induction induced in a loop is equal to the rate of 
negative change of the magnetic flux linking the loop. This 
is a second statement of the law of electromagnetic induction. 

Experiments show that this change of flux can be caused 
either by the movement of a loop through a magnetic flux 
or by a change (positive or negative) in the magnetic flux 
linking the loop. 
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If the loop has w series-connected turns, the induced emf 
will be 
= —w (d®/dt) (3-29) 


Any closed contour (such as turns of a wire) links a defi- 
nite amount of magnetic flux. This flux linkage is given by 
the product of the number of turns and the flux linked 


Y= w® (3-30) 
So, the induced emf 
e= —w(dO/dt) = —dW¥/dt (3-31) 


is equal to the rate of negative change of flux linkage. 

When a loop is moved in the direction indicated in 
Fig. 3-24, the magnetic flux linking the loop decreases, 
that is, its increment is negative, AD < 0, because AD, > 
> A®,. As a consequence, the emf given by Eq. (3-28) 
is positive and has a clockwise sense. The current due to 
this emf has the same sense. The magnetic flux produced 
by this current is in the same direction as the decreasing 
magnetic flux, which can readily be proved by applying 
the corkscrew rule. To sum up, a decrease in the flux linking 
a loop gives rise to an emf and a current such that the resul- 
tant magnetic flux tends to oppose the decrease in the flux. 

If we move the loop of Fig. 3-24 in the opposite direction, 
the flux linking the loop will build up (AD > 0), so the 
emf will, according to Eq. (3-28), be negative and have 
a counter-clockwise sense. The magnetic flux it produces 
will have the same sense. The magnetic flux produced by 
this current will’be opposite to the growing flux due to the 
loop. To sum up, an increase in the flux due to a loop gives 
rise to an emf and a current such that the resultant magnetic 
flux opposes the increase in the flux due to the loop. 

From the foregoing it follows that the direction of an in- 
duced emf is always such that ifs current opposes the operation 
(or effect) that has caused it. This law was formulated by 
H.F.E. Lenz of Russia in 1833. 

If we increase the current traversing the solenoid of an 
electromagnet (see Fig. 3-25) or bring closer together a coil 
and a magnet, the magnetic flux linking the coil will build 
up, thereby giving rise to an emf and a current, i, in the 
coil. By Lenz’s law, the direction of the magnetic flux 
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Fig. 3-25. Current in- 
duced in a ring 





produced by the current i inside the coil is opposite to that 
of the flux due to the electromagnet, so the direction of the 
induced current can readily be determined by the corkscrew 
rule. 


3-13. Operating Principle of an Electric Generator 


When a wire is moved (see Fig. 3-26) in the direction of 
the velocity vector v in a plane perpendicular to the magne- 
tic lines of force, an emf FE is induced in the wire. This emf 
gives rise to a flow of current J around the closed circuit of 
resistance R. A current-carrying wire, when placed in a 
magnetic field, is acted upon by an electromagnetic force, 
F = BIl, whose direction, as given by the left-hand rule, 
is opposite to that of the velocity vector, so this is a retarding 
force. 

Obviously, in order to move a wire one has to apply an 
external force equal in magnitude and opposite in direction 
to the retarding force. To state this differently, one needs 
a prime mover capable of delivering mechanical power 
P,, = Fv, or 


P,, = Fv = BIlv = EI = P 


Thus, the mechanical energy imparted to the wire to move 
it through the magnetic field is converted to electric energy, 
and a wire moved in a magnetic field by some mechanical 
force may be regarded as an elementary electric generator. 
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Fig. 3-26. Operating principle 
of an electric generator 





Recalling Eq. (2-8), the emf of a generator may be written 
E=V+V,=/R+ Ir, 
So, the associated mechanical power 
Prh=EI=FPR+Pr=VI+Py=PiLt+Po 
is equal to the electric power P which is the sum of the 


load power P,; = VI and the power lost in the generator, 
Py —= Yk ae 


3-14. Operating Principle of an Electric Motor 


If we place a wire of lengthZ/ infafuniform field (see 
Fig. 3-27) so that it is at right angles to the magnetic lines 
of force, and pass through it a current J supplied by a source 
of voltage V, the electromagnetic force acting on the wire 
will, according to Eq. (3-1), be equal to 

F = BIl 
and its direction will be that given by the left-hand (wire) 
rule. 

This force causes the wire to move with velocity v. In 
the process, the wire does a mechanical work, and an emf is 
induced in it. The direction of this emf, as given by the 
right-hand rule, is opposite to that of the current and its 
magnitude is 

E = Bul 

If the wire has a resistance rp, then, by Kirchhoff’s voltage 

law, we may write 


V—E=Iry 
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Fig. 3-27. Operating prin- 
ciple of an electric motor 





or 
V=E4+Ir, (3-32) 
whence the current around the circuit is 
I=(V — E)/ry (3-33) 


Multiplying both sides of Eq. (38-32) by the current J gives 
the electric power 


VI=EI+27,=Bll+0r,5=Fv+l?r, (3-34) 


Here, the product J*r, is the power lost as heat in the wires 
and Fv is the mechanical power. 

Thus, the electric power generated as a wire is moved 
through a magnetic field is converted to mechanical power, 
and this process entails the induction of a counter-emf. 
The wire moved through a magnetic field may be regarded 
as a simple electric motor. 


Example 3-8. Given: A wire 0.5 m long moved in a 
magnetic field of 1.2 T induction with a velocity of 20 m/s 
at right angles to the magnetic lines of force. The resistance 
of the wire is 0.4 ohm and the terminal (open-circuit) vol- 
tage is 15 V. 

To find: (4) The power in the circuit; (2) the mechanical 
power developed by the wire; and (3) the power lost as heat. 

Solution. 

The counter-emf induced in the wire is 


E= Bw =1.2 X 0.5 X 20 = 12 V 
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The current in the wire is 

I =(V — E/)/ro = (45 — 12)/0.1 = 30 A 
The power in the circuit is 

P = VI = 15 x 30 = 450 W 
The mechanical power is 

Pm = EI = 12 X 30 = 360 W 
The power lost as heat is 
P, = [?rg= 30? x 0.1 =90 W 


3-15. Eddy Currents 


Figure 3-28 shows a metal disc mounted on a pivot and 
the traces of the poles of two electromagnets. The magnets 
produce magnetic fluxes, ®, and ®,, which link the disc. 
Their magnetic induction vectors, B, and B,, are shown in 
the same figure. 

Any change in the current traversing the coil of one of the 
electromagnets brings about a change in the magnetic flux 
@,, with the result that eddy currents, i,,, are induced in the 
disc, similar to those induced in a ring-shaped coil (see 
Fig. 3-25). The direction of the eddy eurrents can be deter- 
mined by the same rule as for a coil. 

The interaction of the eddy currents i,, with the magnetic 
flux ®, gives rise to an mmf, F,, which causes the disc to 
rotate. 

Figure 3-29 shows the metal disc of a power meter and 
the trace of a pole of a permanent magnet. As the disc ro- 
tates it cuts the magnetic lines of force, and eddy currents i, 
are induced in the disc. The direction of the emf induced 
in the disc and of the eddy currents which have the same 
sense is given by the right-hand (coil) rule. 

The interaction of these currents with the field of the 
same permanent magnet produces an electromagnetic force 
and a retarding torque essential for the operation of a power 
meter. 

Eddy currents can also be produced by changes in the 
magnetic fluxes linking the cores (Figs. 3-30a and 3-31a), 
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Direction 
of rotation 





Fig. 3-28. Eddy currents caused Fig. 3-29. Eddy currents in- 
in adisc by variations in a duced by rotation of a disc in an 
magnetic flux unvarying magnetic field 





(2) 


Fig. 3-30. Eddy currents in a steel core 


enclosures and other parts of electric machines and appara- 
tus. In such cases, eddy currents not only heat the metal 
they are flowing in, but also set up magnetic fields of their 
own, and these fields oppose the operation causing them. 
Heating by eddy currents constitutes a drain on the primary 
power source so this conversion of electricity to heat is 
quite appropriately called eddy-current loss. As a rule, speci- 
fic eddy-current loss is of interest, that is, the loss of power 
per unit mass of iron, ordinarily expressed in watts per 
kilogram. Eddy currents can be utilized to advantage in 
electric furnaces and various heating appliances; but in 
electric machines and apparatus they entail an additional 
oss of power and bring down the efficiency. 
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Fig. 3-34. Eddy currents 
in jthe armature of an 
electric machine 


(a) solid armature; (b) lami- 
nated armature 





One way to cut down eddy-current loss is to build cores 
from high-resistance steels, such as those containing 0.5 
to 4.8 per cent silicon (electrical-sheet steel). Also, the 
cores of machines should be assembled from thin punchings 
or laminations (0.1 to 0.5 mm thick), insulated from one 
another (see Figs. 3-30b and 3-31)). 


3-16. Inductance. EMF of Self-Induction 


When a current is flowing around a circuit, each loop 
or turn of a coil links some amount of magnetic flux. This 
flux is called the fluz of self-induction and symbolized as @,. 
The sum of the fluxes of self-induction due to all turns of 
a loop or coil is referred to as the flux linkage of self-induc- 
tion, V,. If the material has a constant permeability, the 
magnetic flux and flux linkage of self-induction are pro- 
portional to the flux-producing current. 

The ratio of the flux linkage of self-induction to the tlux- 
producing current in a loop or coil, with the permeability 
of the material held constant, is referred to as the self-in- 
ductance (or, simply, inductance) of the loop or coil 


L=¥,/I (3-35) 


As is seen, the self-inductance of a circuit relates its flux 
linkage of self-induction to the flux-producing current in 
the circuit. 

The SI unit of self-inductance is the henry, H: 


[L] =[V_/1] = Wb/A =Vs/A=Qs— H 


8—0215 
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DVB Fig. 3-32. Diagram sym- 
bol for an inductance 


However, the henry is too large to be convenient for practi- 
cal purposes. Instead, use is made of its submultiples, such 
as the millihenry, mH (4 mH =1 x 107° H) and the 
microhenry, pH (4 pH =1 x 10-® Hi). 

The diagram symbol for an inductance is shown in 
Fig. 3-32. 

Let us determine the inductance of a ring-shaped coil. 
The flux linkage of this type of coil is given by Eq. (3-20) 


VY, =uwO=n, (Iw2/l) S 


and its inductance is 
DL =p, (w2/l) § (3-36) 


As is seen, the inductance of a coil is a function of the coil 
size, number of turns, and core permeability. 


Example 3.9. Given: A coil 30 cm (0.3 m) long, 5 cm 
(0.05 m) in diameter, carrying 2000 turns wound on a non- 
magnetic core (Wg = Lo). 

To find: The inductance of the coil. 

Solution. 

The inductance of a coil is given by Eq. (3-36) 


L = Ug (w2S/1) = 125 x 1078 
2? X 108 x 52 x 10-4 
0.3x4 


Any change in the current traversing a circuit (a loop) 
is accompanied by a change in the magnetic flux and flux 
linkage of self-induction, which obviously leads to the 
generation of an emf called the emf of self-induction. The 
process involved is known as self-induction. 

The emf of self-induction is, according to Eq. (3-31), 
given by 


x = (approx.) 33 mH 


er = —dY ,/dt 
or, replacing dV, by d (Li), we get 
e, = — d¥,/dt = — d (Li)/dt = — Ldildt (3-37) 
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Or, in words, the emf of self-induction is proportional to the 
inductance of the circuit and the rate of change of the fluz- 
producing current. 

The direction of the emf of self-induction is given by 
Lenz’s law. When the flux-producing current is increased, 
that is, when di/dt > 0, the emf of self-induction, e,, is 
negative and, as a consequence, opposes the flux-producing 
current. Conversely, when the flux-producing current is 
reduced, that is, when di/dt < 0, the emf of self-induction, 
€;, iS positive and, as a consequence, aids the flux-produc- 
ing current. 


Example 3-10. Given: A circuit with an inductance of 
) mH, traversed by a current whose rate of change is 
600 A/s. 

To find: The emf of self-induction. 

Solution. 

Because the current drops at the rate 


—di/dt = 600 A/s 
the emf of self-induction is 
e, = —L di/dt=5 x 10° x 600=3 V 


3-17. Energy of the Magnetic Field 


When a d.c. source is connected to a circuit having a 
a resistance and an inductance, the circuit current gradually 
rises from zero to its final value given by 


I =Vy/r 


This rise is accompanied by the build-up of the surrounding 
magnetic field which stores some of the energy expended by 
the d.c. source. This energy manifests itself, for example, 
when the circuit is short-circuited, by maintaining the flow 
of current until all of the energy is expended to heat the 
circuit conductors. It also manifests itself through the 
interaction of the field with any current-carrying conductor 
that may be placed in that field. 

In a coil, the rise of current defined above is accompa- 
nied by the generation of the emf of self-induction, e, = 
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= — Ldi/dt. By Kirchhoff’s voltage law, we may write 


V -+ er = ir 
whence 
V =ir—e, =ir+ Ldi/dt (3-38) 


As is seen, the terminal voltage of the circuit is the sum of 
two components, ir and L di/dt. The first component is 
given by Ohm’s law. The second is equal in magnitude but 
opposite in direction to e,;; thus, it balances out the emf 
of self-induction arising in the circuit. 

Multiplying both sides of Eq. (3-38) by the product i dt 
gives 


Vidt = ®rdt+ Lidi 


The left-hand side of the above equation gives the energy 
that the circuit receives in the time dt; the right-hand side 
of the same equation shows that some of the energy, i?r dt, 
goes to heat the circuit wire, while the remaining energy, 
Li di, is stored by the magnetic field round the circuit. 
If we add together the energy increments occurring as the 
circuit current rises from zero to its final value J, we shall 
obtain the energy stored by the magnetic field round the 
circuit 
I 
W in = \ Lidi= LI?/2=¥1/2 (3-39) 


0 


3-18. Mutual Inductance 


A change in the current flowing around a circuit (in a coil) 
will induce an emf in another circuit (or coil), if the two are 
placed in close physical proximity, or coupled, to each 
other. This process is known as mutual induction. 

The current /, in the first coil (Fig. 3-33a) gives rise to 
a magnetic flux part of which, ®,,, links the second coil, 
w., thereby producing the flux linkage of mutual induction, 
Pig = weD.. 

The magnetic flux @,, and, as a consequence, the asso- 
ciated flux linkage are proportional to the flux-producing 
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rig. 3-33. Inductive coupling between two coils 


current, /,, that is 
Pie = Maly 

whence (3-40) 
My, = Villy 


The ratio of the flux linkage of one coil to the flux-producing 
current in the other is called the mutual inductance between 
the two coils (or circuits). 

From a comparison of Eqs. (3-35) and (3-40) it follows 
that the unit of mutual inductance is the same as that of 
self-inductance — the henry, H. 

The current J, in the second coil (Fig. 3-33b) produces 
i magnetic flux of its own, ®,,, which links the turns of the 
first coil, w,, thereby producing a flux linkage of mutual 
inductance, V,, = w,®,,. As before, the flux linkage and 
mutual inductance may be written 


You = Myl, 
whence (3-41) 
My = Poll, 
It is an easy matter to show that for two coupled coils or 
loops 


M,,=Myz=M 


ilways, so the subscripts “12” and “21” may safely be dropped. 

The mutual inductance between coupled coils is a function 
of the number of turns, size, shape and relative position of 
the coils, and also the permeability of the medium. 
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A change in the current flowing in one coil brings about 
a change in the flux linkage of mutual induction, so, by the 
law of electromagnetic induction (see Sec. 3-12), an emf of 
mutual induction is induced in the other coil 


Likewise, a change in the current flowing in the other coil 
brings about a change in the flux linkage of mutual inducti- 
on, and emf of mutual induction is induced in the first coil 


e, = —dW,,/dt = —M di,/dt (3-43) 


Or, to state this in words, the emf of mutual induction is 
proportional to the mutual inductance between the coils and the 
rate of change of the flux-producing current. 

The mutual inductance between two coils is connected to 
the self-inductances of the same coils by a relation of the 
form 


M=kVI,L, 


where k is the coefficient of coupling which defines the extent 
of inductive coupling between two coils. 

The coefficient of coupling depends on the relative position 
of the coils. The shorter the distance between the coils, the 
greater the coefficient of coupling, and vice versa. 

Mutual induction is utilized in various machines and ap- 
paratus, for example, to transfer energy from one circuit 
to another or to step up or down a voltage by means of a 
transformer. 

Sometimes, mutual induction may be undesirable. For 
example, if a communication line runs parallel to a power 
transmission line, the emf of mutual induction induced in 
the communication circuit may seriously interfere with its 
operation. 


3-19. Magnetohydrodynamic Generator 


A magnetohydrodynamic (MHD) generator operates on 
the following principle. 

Air, raised in temperature and enriched with oxygen, is 
admitted to a combustion chamber where a gaseous fuel is 
burned to produce a temperature of about 2500°C. The gaseous 
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Fig. 3-34. Sketch of an MHD 
generator 


plasma formed at this temperature has high electric con- 
ductivity. From the combustion chamber, the plasma is 
admitted at velocity v to an MHD duct, D (Fig. 3-34). 
Rectangular in cross-section, this duct is formed by two 
pairs of walls. One pair, E, are the metal electrodes of the 
MHD generator, and the other pair is made of a dielectric 
material. External electromagnets set up in the MHD duct 
a magnetic field of induction B, which is at right angles 
to the longitudinal axis of the duct. 

When the plasma moves through the magnetic field down 
the duct (see Fig. 3-34), an electric field is set up in it, 
which is at right angles to the direction of motion of the 
plasma and the magnetic field. As a result, an emf is induced 
between the electrodes of the generator, whose magnitude 
is controlled by the induced electric field 6. 

The power generated by an MHD generator is delivered to 
load over wires that connect the load to the generator 
electrodes. In operation under load, forces arise that oppose 
the motion of the plasma, so an increase in load inevitably 
slows down the plasma. 

As we have seen, the thermal energy fed to an MHD gene- 
rator is first converted to the energy of motion of the plasma, 
and this is then converted to electric energy. 

The efficiency of a power plant incorporating an MHD 
generator may be as high as 60%, which is markedly greater 
than the efficiency of conventional thermal power plants 


(43%). 


Chapter Direct-Current 
Four Electric Machines 


4-1. Functions 


Electric machines are devices intended to convert mechal 
nical energy to electricity or electricity to mechanical 
energy. In the former case, they are called electric generators; 
in the latter, electric motors. 

Direct-current (d.c.) generators are used to power electric 
motors, electroJysis cells, battery chargers, and the like. 
Direct-current (d.c.) motors actuate mechanisms which 
require large starting torques and speeds adjustable over 
a wide range, such as electric trains, mine hoists, and rolling 
mills. In automatic control systems, d.c. machines can be 
used as actuators, tachometers, signal converters, etc. In 
metal-working machine-tools, d.c. machines greatly simpli- 
fy speed control. 


4-2. Design of D.C. Machines 


A d.c. machine operates on the principles set forth in 
Secs. 3-13 and 3-14. In sketch form, a two-pole (bipolar) 
d.c. machine is shown in Fig. 4-1. The machine consists of 
a steel frame, 7, and a rotating armature, 2. Bolted to the 
frame are poles, 3. The poles (Fig. 4-2) carry a field (exci- 
tation) winding (at 4 in Fig. 4-1) having w; turns and"car- 
rying a field (excitation) current J;. The field winding 
gives rise to an mmf equal to its ampere-turns [,w;, which 
in turn sets up an excitation magnetic flux ®,, for which 
the closed path is formed by the poles, the air gap between 
the poles and armature, the armature and the frame (see 
Fig. 4-1). 
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Fig. 4-1. Bipolar d.c. machine 
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Fig. 4-2. Pole of an electric Fig. 4-3. Armature of an elect- 
machine ric machine 


The poles are built up of electrical-sheet{ steel! lamina- 
tions and have pole-pieces or pole-shoes, 5, whose shape con- 
trols the distribution of the magnetic induction in the air 
gap Bs. 

The design of the armature is shown in Fig. 4-3. Its 
cylindrical body, Z, is assembled from electrical-sheet steel 
punchings insulated from one another and press-fitted on 
a shaft or hub (at 2 in Fig. 4-3a). Slots, 3, in the armature 
receive the wires (usually called “sides’) of the armature 
winding (at 4 in Fig. 4-36), which are connected in series- 
parallel. The armature winding is insulated from the slots 
and held in place by suitable wedges or _ binding 
wires, 2. 

The armature shaft also carries a commutator, 6, electri- 
cally insulated from the shaft. The commutator (Fig. 4-4) 
is made up of copper commutator segments or bars, /, in- 
sulated from one another, by micanite spacers which are 


122 Part One. Electricity 






Commutator segment 3 1 Fig. 4-4. Commutator 
or bar 





SS KOS”? 

Ae Same 
Clamp it =): Spee Rey Gigi, (a 7 
bott “TONS 








Fig. 4-5. Brushes and a brush- Fig. 4-6. External appearance 
holder of a d.c. machine 


mounted on a sleeve, 2, where they are held in place by bolts. 
The commutator bars or segments have risers, 3, to which 
the wires of the armature winding are soldered in a defi- 
nite order. Riding on the commutator surface are stationary 
carbon or graphite brushes (at 6 in Fig. 4-1) to which are 
connected leads from an external circuit. In this way, the 
external circuit is connected via the brushes and commuta- 
tor to the rotating armature winding. 

The arrangement of what is known as brushgear is shown 
in Fig. 4-5. The prismatic graphite (or graphitized) bru- 
shes, J, are held in the brush holders, 2. Each brush holder 
is mounted on a stud passing through a hole, 4, and suppor- 
ted by, but insulated from, the end shield of the machine. 
Attached to each brush are flexible copper pig-tails, 3, 
which connect the brushes to the suitable armature termi- 
nals on a terminal board or panel. The terminal panel also 
carries terminals for the field winding (which may be of 
the shunt- or the series-wound type) and for the compole 
(or commutating-pole) winding (see Secs. 4-11 through 
4-13). A general view of a d.c. machine is shown in Fig. 4-6. 
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4-3. Operating Principle of a D.C. Machine 


A simplified circuit of a d.c. machine is shown in Fig. 4- 
7. The brushes are connected to a double-pole (double- 
throw) knife-blade switch, 7, so that the armature can be 
connected to a load r or a supply line. The field winding, 
2, is connected to the supply line. 

Let the armature connected to a load r be actuated by a 
prime mover, such as a heat engine. Then an emf E will be 
induced in the armature winding rotating in the field set 
up by the excitation (field) current J;, and a current will 
be flowing through the load. The direction of the emf and 
current in the armature /,, as given by the right-hand rule, 
is shown in Fig. 4-7. The direction of braking or retarding 
electromagnetic forces F, that act on the current-carrying 
conductors in the magnetic field is likewise marked in the 
figure. These forces produce a braking (or retarding) tor- 
que on the shaft of the machine. The prime mover supplies 
a torque 7 which opposes the retarding torque. Thus, as 
has already been shown in Sec. 3-13, the machine operates 
as a generator converting mechanical energy to electricity. 

By Ohm’s law, the output current is 


PS 1 = El eA sr,) (4-1) 
So, 
B= tr air, = Vir, (4-2) 


or, stated in words, the generator emf E exceeds the terminal 
voltage V by the voltage drop across the armature Ir,. 

If we disconnect the shaft of the machine from its prime 
mover and place the switch in the upward position (see 
Fig. 4-7) the armature winding will be traversed by a cur- 
rent J = 7, flowing in the direction opposite to that assu- 
med before. The electromagnetic force produced by the inte- 
raction of this current with the magnetic field will likewise 
act in the opposite direction and produce a torque 7’ dri- 
ving the armature in the previous direction. Now the elec- 
tric energy coming from the supply line will be converted 
to mechanical energy (see Sec. 3-14), so the machine will 
now operate as an electric motor. 

The commutator and brushes switch the coils in the 
winding of the rotating armature in such a manner that 
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Supply Line 





Fig. 4-7. Explaining the prin- 
ciple of a d.c. machine 


each time the active conductors move from the north-pole 
belt into the south-pole belt the flow of current through 
them is reversed and the machine keeps rotating always in 
the same direction. 

As with an electric generator, an emf is induced in the 
armature winding of the motor. However, this emf opposes 
the armature current, /,, which can readily be proved by ap- 
plying the right-hand}frule. This is called the counter (or 
back) emf. 

By Kirchhoff’s voltage law, 


Vast] 1 
or (4-3) 
E=V—TIra 
so the armature current is 
I,=V—E)r, (4-4) 


Or, in words, when a machine is operating as a motor, its emf 
E is less than its terminal voltage V by the voltage drop across 
the armature winding, Ir,. 

An electric motor can be reversed by reversing the direc- 
tion of current flow in the armature or field winding. If 
the currents in the two ‘windings are both reversed at the 
same time, the motor will keep rotating as before (see Fig. 
4-7) 
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4-4. Construction of the Armature Winding 


‘A simplified circuit of the armature winding is shown in 
Fig. 4-8. 

Referring to the figure, there are two poles, N and S, 
between which is rotating an armature with six slots each 
of which receives two layers of armature coil sides wound 
with an insulated wire. For simplicity, the slots are not shown 
in the figure. As is shown in Fig. 4-8, the lead wire star- 
ting at commutator bar J runs over the near end of the arma- 
ture to the top layer of the coil side in the first slot, away 
from the reader beyond the plane of the drawing, then, as 
shown by the dashed line, over the far end of the armature 
to the lower layer of the coil side in the fourth slot whence 
it is taken over the near end of the armature to the commuta- 
tor bar marked 2. The lead wire starting at commutator bar 
2 is taken to the upper layer of the coil side in the second 
slot, and so on. 

If we trace the run of the winding wire, we shall see that 
it closes on itself and consists of identical coils, the two ends 
of each coil being connected to adjacent commutator seg- 
ments. This is known as the lap type of winding. 

When the armature is rotating, an emf is induced in the 
coil sides enclosed in the slots, so they are called active coil 
sides. No emf is induced in the wires at the ends of the arma- 
ture which are called coil ends. In sketch form a coil of the 
armature winding is shown in Fig. 4-9. The active sides of 
the upper layer are represented by a solid line, and that of 
the lower layer by a dashed line. To give them the desired 
shape, the coils are wound on suitable formers, then insu- 
lated, and dropped in the slots of the armature core. 

Because each commutator segment receives two leads, 
namely the finish of the previous coil and the start of the 
next one, the number of segments AK must be equal to that 
of coils in the armature winding. For the winding shown in 
Fig. 4-8, the armature has Z = 6 slots and as many coils. 
Once K is known, it is an easy matter to determine the 
number of active conductors that make up the armature 
winding 

N = 2w.K 


where w, is the number of turns per coil. 
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Fig. 4-8. Arrangement of Fig. 4-9. Armature jwinding {coil 
the armature winding 





The arrangement of armature windings can conveniently 
be studied by reference to the drawing in Fig. 4-10. This is 
the development of the cylindrical surface of the armature 
and its winding shown in Fig. 4-8. The directions of the emfs 
induced in the active conductors, as determined by the 
right-hand rule, are shown in Figs. 4-8 and 4-10. The sum 
of all emfs in a closed winding is zero. However, if we sum 
the emfs, starting, say, at the first commutator segment and 
moving in the direction of the emf, we shall notice that at 
the 4th segment the emf reverses its polarity. This is a junc- 
tion point, or node, for two parallel branches of the arma- 
ture winding, formed relative to the external circuit. As we 
keep moving down the winding against the emf, we shall 
run into a second node at commutator segment /, where the 
emf reverses its polarity again. 

Thus, the winding consists of two parallel branches (2a = 
= 2) with two nodes. The node at the 4th commutator segment 
is the point of the highest potential (+), and that at the first 
segment, the point of the lowest potential (—). The brushes 
are positioned to ride on these segments. The voltage bet- 
ween the two brushes at the time corresponding to the po- 
sition of the armature shown in Figs. 4-8 and 4-10 is given 


by 
Vy =e; +e,+ €o +65 + €3 + €6 
=e,+e1+e5-+ e2 +e.+ 3 
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where the primed symbols stand for the emfs in the lower 
layers of the coils. 

As the armature turns through 60°, the polarity of the 
brushes and the magnitude of v, remain as they were before, 
because the sixth slot takes up the position of the first, the 
first slot takes up the position of the second, and so on. 

When the armature turns through an angle less than 60°, 
say, 30°, the winding takes up the position shown in Fig. 4-11, 
where the brushes, rather than the windings, are shif- 
ted to the left for convenience of study. In this position, 
two coils are short-circuited, and only two coils remain in 
each of the two parallel branches. 

At this instant, the machine voltage is 

Vo =e; +e,+ eo + €5 = e,+ €1 + €5 + ed 

Thus, as the armature keeps rotating, its terminal voltage 
remains constant in polarity, but varies from v, to v, in 
magnitude. As the number of coils connected in each paral- 
lel branch is increased, the ripple in the output voltage is 
decreased. In present-day machines having a large number 
of coils, the ripple is so negligible that the output voltage 
may practically be taken unvarying. 

The plane passing through the armature axis, that is, 
within an equal distance of the poles, and normal to their 
axis is called the geometric neutral (Fig. 4-12). 

The short-circuited coils always move in the geometric 
neutral region where the induction Bg is zero or negligible. 
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Fig. 4-12. Quadrature-axis ar- 
mature reaction in a generator 





Accordingly, the emf induced in the coils is equal to zero 
or negligible. 

The armature windings of present-day machines are built 
essentially along the lines discussed above, irrespective of 
the number of poles, parallel branches, coils or commutator 
segments. 


4-5. The EMF of the Armature Winding 


As already noted, the emf of a machine is the sum of the 
emfs of the series-connected conductors in one parallel branch. 
These emfs are all different, because the magnetic induc- 
tion is different at various points in the air gap around the 
circumference of the armature. However, the emf of a ma- 
chine can be found in terms of the average emf of a conduct- 
or multiplied by the number of conductors in one parallel 
branch. 

Let the magnetic flux due to one pole be ®; the number 
of poles in the machine, 2p; the axial length of the armature 
core, J; its diameter, d; and its surface area, S. Then the 
average magnetic induction on the armature surface will be 


Bay =O X 2p/S =D x 2p/ndl (4-5) 
and the average emf of each conductor will be 
Ea» = Baylv =O X 2pudnlin dl x 60 
= ® x 2p (n/60) 


where n is the rotational speed of the armature in revolu- 
tions per minute (rpm). 
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If the total number of conductors in the winding is N, 
and the number of parallel branches is 2a, then each parallel 
branch will have N/2a conductors connected in series. In 
the circumstances, the emf of a parallel branch and, as a 
consequence, that of the machine will be 


E = Ey, (N/2a) = 2p (n/60) (N/2a) O 
== ( p/a) (n/60) N® (4-6) 
or 
k= Cp@On (4-7) 
where cg = pN/(a X 60) is the constant of the machine. 


As is seen, the emf of a machine is proportional to the mag- 
netic flux and the rotational speed of the armature. 


4-6. The Electromagnetic Torque of a Machine 


From Sec. 3-5 we know that a current-carrying conductor, 
when placed in a magnetic field, is acted upon by an elect- 
romagnetic force 

Frond = Bapll = (® X 2p/n dl) Ll (I4/2a) 
= (p/n da) I, 


where 6,, = average magnetic induction 
= armature diameter 
/ = armature length 
@ xX 2p == total flux of a multipole machine 
I -=J],/2a = current in a parallel branch, that is, the cur- 


rent in one conductor 
The torque produced by each conductor in the armature 
winding is 
T cona = Feona G/2 = (Op/n da) (d/2) I, 
= (p®/2na) I, 
The total electromagnetic (or internal) torque of a ma- 


chine having N conductors in the armature winding is 
given by 


T =T wong X N =(p/2na) NOI, =c,OP!I, (4-8) 
where c, = (p/2na) N is a constant. 
Y—=0215 
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When a machine is operating as a generator, then at load 
(with a current flowing in the armature winding), a retard- 
ing torque, 7',, is developed. When a machine is operating 
aS a motor, a driving torque, 7'g, is developed. 

In either case, the electromagnetic torque 7 of a machine 
is balanced by a statical moment of resistance, M,, and a 
dynamic moment, M,, due to rotating masses, defined as 


where J is the moment of inertia, and the derivative dw/di 
is angular acceleration. 
The moment of inertia is given by 


= mo* 


where m is the mass of the rotating body and 0 is the radius 
of inertia (or radius of gyration). 
The equation of motion in this case has the form 


[ = — (M, + Mj) 


When the rotational speed w = 22n/60 increases, the dyna- 
mic moment is positive; when the speed decreases, the dyna- 
mic moment is negative. If we take the components of the 
torque 7, rather than the moments of resistance, then 


[=M,+ My, (4-9) 


So long as T > M,, a positive M, is developed on the shaft, 
and the speed keeps building up. In the opposite case, the 
speed drops. 

At a constant rotational speed (x = constant), the elect- 
romagnetic torque 7 =—c,I,@ is fully balanced by the 
statical moment which is the sum of the no-load torque 7, 
necessary to overcome the rotational losses such as friction 
and the iron loss of the machine, and the load torque 7,, 
required to drive the associated mechanism, so 


M,=T,+T, (4-10) 


4-7. Mechanical Power of a D.C. Machine 


As already shown (see Secs. 3-13 and 3-14), when mecha- 
nieal energy is converted to electrical energy or back, the 
mechanical power is EJ. Let us prove that this also applies 
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to an electric machine. Suppose the force applied tangen- 
tially to the circumference of the armature is F and the line- 
ar velocity on the external surface of the armature is v. 
Then the total mechanical power will be 


P,, = Fv 
Substituting F = 27/d and v = wd/2 in the above equa- 
lion gives 
P,, = (2T/d) o (d/2)=To (4-11) 
Because the torque of a machine is 
T =(p/2na) NOI, 
the mechanical power is 
Py» = (p/2na) NOI, (20n/60) 
= ON (p/a) (n/60) Ig (4-12) 
=EI, 


The product EJ, is often called the electromagnetic power of 
a machine and symbolized as P,. When a machine is opera- 
ting as a generator, E/, exceeds V/J,, because EF > V. When 
a machine is operating as a motor, Vi, exceeds El,, 
because £ < V. The difference in power in either case is 
numerically equal to the power lost as heat in the armature 
winding, J3rg. 


4-8. Armature Reaction of a D.C. Machine 


When a generator or a motor is operating at no-load, the 
armature current J, is equal to zero or very small. In the 
circumstances, the magnetic flux @,; is produced solely by 
its mmi /; and has its path completed through the armature 
along the poles. In Fig. 4-12, this flux is shown directed 
from top to bottom (from the N to the S pole). 

In operation under load, the armature conductors carry 
a current J, which in a generator (see Fig. 4-12) is in the 
same direction as the emf, given by the right-hand rule. 
Now the armature mmf F, produces a magnetic flux of its 
own ®,, which has its path completed through the arma- 
ture, the air gap, and the pole-pieces. Let us agree to call 


g* 
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Fig. 4-13. Magnetic induction 
in the air gap in the presence 
of quadrature-axis armature 
reaction 





the left-hand end of a pole-piece the leading edge (relative 
to the direction of rotation) and the right-hand end, the 
trailing edge. Then we shall see that the quadrature flux 
of the armature tends to demagnetize the leading edge and 
to magnetize the trailing edge of the pole-piece. The dis- 
tribution of the magnetic induction in the air gap, Bg, 
for this case is shown in Fig. 4-13. The resultant flux ® 
of the machine is shifted in the direction of armature rota- 
tion, and so is the neutral plane of the machine, now called 
the physical neutral plane in contrast to the geometrical 
neutral plane. 

Because of iron saturation (see Sec. 3-8), the demagneti- 
zing action of the quadrature flux on the leading edge is 
greater than its magnetizing action on the trailing edge, 
so the total magnetic flux of the machine is reduced (OD < 
(D,). The effect of the armature mmf on the magnetic flux 
of the machine in operation under load is called armature 
reaction. 

When a machine is operating as a motor, the armature 
current (see Fig. 4-12) opposes the emf, the armature is ro- 
tating in the opposite direction as compared with operation 
as a generator, and the quadrature-axis armature reaction 
shifts the resultant flux @M and the physical neutral plane 
against the direction of armature rotation. 

To counteract armature reaction, it is customary to provi- 
de a compensating winding on the main poles. The conductors 
of the compensating winding are placed in slots on the sur- 
face of the pole-pieces. This winding is connected in series 
with the armature winding so that the current flowing in it 
Opposes the current in the armature conductors. 
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4-9. Commutation 


It has been explained in Sec. 4-4 that for the emf E to 
be constant in direction and nearly so in magnitude, the ar- 
mature winding must be constructed so that it has 2a = 2, 
4, 6 and so on parallel branches or paths, and the coils are 
continually switched from one to the other. The switching 
action is effected mechanically by the commutator and bru- 
shes, and the action itself together with the physical events 
accompanying it are called commutation. The coil being com- 
mutated is short-circuited by a brush and finds itself near 
the geometric neutral. The emf induced in the coil by the 
external field of the poles is zero very nearly. The time T 
during which the switching action takes place and a coil 
remains short-circuited is a few thousandths of a second; 
it is called the commutation period. 

Let us examine commutation in simplified terms. 

The coil of interest (see Fig. 4-10) is found in slots 6 
and 3 and is shown separately in Fig. 4-14. Suppose that 
the winding is rotating very slowly (7 — oo), the brush 
width is equal to that of a commutator segment, and account 
is solely taken of the contact resistance between the brush 
and the commutator segment, r; = R. Then the armature 
current J, flows from the brush into commutator segment 
I and is divided into two equal parts, i = 0.5 J,. Figure 
4-14 shows that the coil connected in the parallel branch 
going to the left carries a current i,= 0.5 /,, which flows 
in the counter-clockwise direction. 

During the next instant of time, when commutator seg- 
ment 6 touches the brush, the current J, will be divided in 
a different manner. If, for example, after a time ¢ = 0.1 T, 
the brush touches commutator segment 6 with one-tenth 
of its contact surface, the current flowing through that 
segment will be i, = 0.4 J, and that through segment /, 
i, = 0.9 [,. As before, the currents in the parallel branches 
must be constant and equal to 0.5 J,, if J, is constant. Then, 
flowing as it did before, the coil current will be i, = i, — 
0.5 Ig = (0.9 — 0.5) 7, = 0.47, in one parallel branch, 
and ig — i, = (0.1 + 0.4) 7, = 0.57, in the other paral- 
lel branch. The coils being switched at the time under con- 
sideration are shown in Fig. 4-15. If we assume the time 
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Fig. 4-14. Start of a commuta- Fig. 4-15. Commutation at t= 
tion cycle (¢ = 0) = O17 


t = 0.5 T, we shall learn that i, = 0, and the currents in 
the parallel branches are 0.5 J, as before. With time, the 
coil current builds up in the opposite direction until at 
t = T it becomes equal to i, = —0.5 J,. At that time, the 
coil will be switched into the other parallel branch, and a 
cycle of commutation will be complete (Fig. 4-16). A plot 
of i, as a function of time ¢ yields a straight line (Fig. 4-17) 
which represents what is known as linear commutation; 
in designing a machine one always seeks to ensure linear 
commutation. 

However, in practice the commutation time 7 is small, 
the coil current i, changes at a high rate, and an emf of self- 
induction e, is induced in it. Because i, =f (t) yields a 
straight line, which means that di/df = tan a = constant, 
then e, = —L,di,/dt is a constant, and an additional cur- 
rent arises in the coil, given by 


is = es/T4 = es/ (T¢ = r;) 


where rg and r, are the contact resistances between the bru- 
shes and the respective commutator segments. Once we know 
r, for different values of t, we can readily determine i,. 
For t= 7/2, say, rs=retr=2R+2R=4R. For 
t = 0 and? = T7,,r, is infinity. A plot of i, as a function of 
t is shown in Fig. 4-17b. The total current i, + i, is shown 
in Fig. 4-17a by a dashed curve from which one can see that 
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Fig. 4-17. Variation in the current of Fig. 4-18. Delayed commu- 
a commutated coil under natural con- tation 
ditions 


in the presence of e, the total coil current makes a zero- 
crossing at a later time than it should (¢ > 7/2). This is 
known as delayed commutation. 

In the case of delayed commutation, the current density 
in the trailing edge of a brush increases considerably (see 
Fig. 4-18), and this causes excessive heating and wear of the 
brush. However, the principal danger lies in the fact that 
delayed commutation is accompanied by sparking or even 
arcing between the commutator and the trailing edge of the 
brush. This occurs because when the coil circuit is opened, 
the electromagnetic energy, L, = i;/2, stored in it is dis- 
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Fig. 4-19. Commutating 
poles 


sipated by the electric arc that strikes at the trailing 
edge. 

Should armature reaction build up the magnetic indu- 
ction Bs, at the pole edge by 30 to 50%, the potential dif- 
ference between the commutator segments of the coil moving 
in the region of elevated induction may be in excess of 25 
to 35 V. This voltage is capable of sustaining individual arcs 
which, on merging in the ionized space around the com- 
mutator, may form a strong arc between the brush yokes of 
different polarity. This is known as the commutator ring fi- 
re; it may cause a serious damage or even a breakdown. 

Commutation can be improved by several measures which 
have as their objective to minimize the additional current 
i,. An effective one is to provide commutating poles, also 
known as interpoles. 

Figure 4-19 shows a bipolar generator which, in addition 
to the main poles labelled N and S, has two commutating 
poles n and s arranged to lie on the geometric neutral and 
alternate, as shown, in the direction of armature rotation. 
The excitation (field) winding of the commutating poles is 
connected in series with the armature winding. The figure 
shows commutation taking place in two coils marked by 
filled circles. The emf E of the machine and the decreasing 
coil current i, are directed aiding, as is the emf of self- 
induction, e,, so it maintains the decreasing current (Fig. 
4-19b). When the commutating poles have the polarity 


Ch. 4. Direct Current Machines 137 


shown in Fig. 4-19a, an additional commutating emf, e,, 
is induced in the active coil sides. Its direction is such that 
it opposes the action of E and, as a consequence, that of 
e,. If e, is numerically equal to e,, the additional coil current 
will be 


i = (e, — e,)\/r, = 0 


In a motor, the main and commutating poles will alter- 
nate in the direction of rotation in the N-n-S-s sequence. 

Because e, is proportional to /,, the commutating poles 
are made unsaturable so that e, can be balanced out at any 
load. Then e, ~ OD, ~w I. 

The severity of commutation can be estimated “by eye” 
as follows: 

— severity degree 1: there is no sparking, blackening on 
the commutator, or carbon deposit on the brushes; 

— severity degree 1'/, : there is moderate sparking at a 
small part of the brush, no blackening on the commutator, 
or carbon deposit on the brushes; 

— severity degree 1'/, : moderate sparking at a greater 
area of the brushes, there are traces of blackening on the 
commutator (readily removable with a rag moistened with 
petrol) and those of carbon deposit on the brushes. 


4-10. Ratings and Characteristics 
of Electric Machines 


The frame of each electric machine carries in a conspicous 
place a name (or rating) plate which gives the duty for 
which the machine has been designed, its rated power, vol- 
tage, current, rotational speed, efficiency, etc., collectively 
called machine ratings. 

A rating, or a rated value, indicates the limit(s) estab- 
lished by the maker (or designer) for application of a ma- 
chine under specified conditions. In this text, all ratings, 
or rated values, will have the subscript “n” (because rated 
values are often called “nameplate or nominal values”). 
For example, the rated power will be designated as P,, 
the rated voltage V,, the rated current /,, and so on. 

Knowledge of machine ratings is essential for the intelli- 
gent use of the machine during its established service life 
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Fig. 4-20. Circuit of a 
separately excited gene- 
rator 





(about 10 years for stationary machines under normal am- 
bient conditions). 

When using a machine, it is important to know how some 
of its variables are related to other variables. Such rela- 
tionships are usually referred to as characteristics. For 
example, the dependence of the terminal voltage of a ge- 
nerator on its load (circuit current) at constant rpm (n= con- 
stant) and constant field current (J; = constant) is known as 
the load (or external) characteristic, V = f(I), of the gene- 
rator (Fig. 4-22). The dependence of the rotational speed of 
a motor nm on the mechanical load on its shaft (the power 
P, or torque 7) at constant armature voltage and constant 
field current is known as the mechanical characteristic of 
the motor (see Fig. 10-20). 

Data for such characteristics are obtained by experiments 
or from past experience, and the values used in the respe- 
ctive equations are current in amperes, voltage in volts, 
etc. For practical purposes, however, it is more convenient 
to use percentage plots. To this end, experimental data are 
converted to percentages. Then 1% = I/I, x 100; V% = 
V/V, x 100; P% = P/P, x 100; n% = n/n, x 100, etc., 
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where J, V, P and n are found by experiments or from expe- 
rience, while J,, V,, P, and n, are the nameplate (rated) 
values. The plots of Figs. 4-22, 10-19 and 10-20 have been 
constructed in precisely this manner. 

Often, plots are constructed in per-unit quantities label- 
led [*, V*, P*, etc. The per-unit value of a quantity is ob- 
tained by dividing its per cent value by 100, for example: 
[* = I%/100; V* = V%/100, etc. The per-unit values are 
convenient in circuit calculations. 


4-11. The Separately Excited Generator 


In a separately excited generator (Fig. 4-20) the field win- 
ding, 4, is connected to an external source via a knife- 
blade switch, 7, an ammeter and a field rheostat, 2, which 
has an idle contact, 3, connected to the field winding. If 
we reduce J; by moving the contact arm of the rheostat up- 
wards, it will reach the idle contact and short-circuit the 
field winding. If there were no idle contact, the field winding 
would be open-circuited, and an arc would strike at the 
circuit break, dissipating electromagnetic energy. 

Since the inductance of the field winding is usually high, 
the emf of self-induction that would maintain a considerab- 
le voltage at the ends of the open-circuited field winding 
would also be high. This might cause insulation breakdown 
and grave danger to attending personnel. The arc would 
melt and oxidize the contacts. | 

The armature terminals receive connections from the 
load, r, a voltmeter, V, and an ammeter, A. The drive motor 
actuating the armature is not shown. 

The no-load characteristic Ey) = f (f;) at nm = constant 
and I, = 0 is, in fact, the ®, := f (J+) curve, plotted on 
a different scale, because F is proportional to ®. It is used 
for a check on the design of the magnetic circuit and vario- 
us graphic construction and is called the magnetic characte- 
ristic of a machine. 

It is plotted as follows. The armature is rotated at a con- 
stant speed n = n,, with the switches / and 5 open. Then 
switch J is closed, and the resistance of r,; is brought down 
so as to raise the generator voltage to Vy) = 1.1 V, to 1.2 
V,. On having written the values of J; and Vg, one then re- 
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Fig. 4-21. No-load characteris- Fig. 4-22. External (load) cha- 
tic of a generator racteristic of a generator 


duces the excitation current consecutively and takes five or 
six readings of J; and Vo. The last reading is taken at J; = 
=(. The residual induction thus left induces what is known 
as the residual emf, E,, usually equal to 2-2.5% V,. 
The point representing V, usually lies on the kink of the 
characteristic curve, and its abscissa is equal to the no- 
load excitation current at rated voltage, designated J;, no-iead 
(Fig. 4-21). 

The load (or external) characteristic of a generator, V = 
== f (f) at [;=constant and m=constant relates variations 
in the generator voltage to variations in its load; it is shown 
in Fig. 4-22 as curve /. 

To plot the load characteristic, the armature is driven 
at a constant speed n = n,, and the machine is excited at 
no-load to obtain V = 1.1 V, to 1.2 V,. The switch 5 is 
then closed (see Fig. 4-20) and the load resistance r is gra- 
dually reduced while adjusting the exciting current so that, 
at J = I, the rated voltage V,, is obtained. This gives the 
first point of the characteristic for V, and J, (Fig. 4-22). 
Then, while holding J; and n constant, one consecutively 
increases the load resistance r and takes five or six readings 
of V and J, while reducing the load on the generator to zero. 

As the load is reduced, a decrease takes place in the arma- 
ture current J, the voltage drop across the armature I/r,, 
and the demagnetizing action of armature reaction (see 
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Sec. 4-8). The machine flux @ rises, and so does the emf £. 
Because V = E — /r, the terminal voltage V increases. 
The quantity 


AV% = 9—*e x 100% (4-13) 


is called the voltage regulation of a machine. For separately 
excited generators, it is usually 5 to 10 per cent. 

To maintain voltage constant against variations in load, 
one has to adjust excitation current. This can be done ma- 
nually or automatically. Separately excited generators are 
used in circuits intended to contro] the speed of motors be- 
tween wide limits (see Sec. 4-16), in automatic control sys- 
tems, and also where V, ~ V;. 


4-12. The Shunt-Wound Generator 


In a shunt-wound generator, the field winding is connect- 
ed tothe armature terminals in parallel with the load cir- 
cuit (Fig. 4-23). In this case, the current carried by the arma- 
ture is 


I. — I+; 


where the excitation (field) current varies from one to se- 
ven per cent of the rated current. 

To excite.a shunt-wound generator, it is essential that 
the magnetic flux produced by the exciting current be in the 
same direction as the flux produced by the residual indu- 
ction. It is only then that the current in the field winding 
due to the residual emf, F,, will magnetize the machine, 
the magnetic flux of the generator will rise, and so will its 
emf. The latter will cause a further increase in J; and, as 
a consequence, in ®. This process of self-excitation (or “build- 
up” as it is usually called) goes on until the emf becomes 
equal to the voltage drop across the field winding 


K=Tyr; 


If the generator fails to build up, it is necessary to reverse 
the exciting current J;. 

The no-load characteristic of a shunt-wound generator has 
the same form as that of a separately excited generator and 
can be used for similar purposes. 


_— 
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4) Fig. 4-23. Shunt-wound 
generator 


The load (external) characteristic of a shunt-wound gene- 
rator V = f (f), at m and r; being constant, is plotted in 
the same manner as for a separately excited generator and has 
the same shape (curve 2 in Fig. 4-22). However, the volta- 
ge regulation AV% in this case is greater, being as high as 
30%. The point is that the field winding of a shunt-wound 
generator is connected to the armature terminals. When 
load is shed, the voltage rises, and so does the exciting cur- 
rent J; = V/r;, so the magnetic flux and emf F of the ma- 
chine increase by a greater amount than they do in a sepa- 
rately excited machine. Shunt-wound generators are used on 
a large scale, because they do not require an additional 
source for excitation. 


4-13. The Compound-Wound Generator 


The circuit of a compound-wound generator is shown in 
Fig. 4-24. It has two field windings, a shunt winding and a 
series winding, the latter being connected in series with the 
armature winding. With this connection of the series field 
winding, its mmf, F,,,,, can be added to or subtracted from 
that of the shunt winding, F'y,¢;: 


fot ian et a 
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Fig. 4-24. Compound- 
- wound generator 





In practice, it is more customary to connect the two field 
windings in an aiding fashion, that is, so that their mmfs 
are added together. Then, the generator automatically builds 
up as load increases. The demagnetizing effect of armature 
reaction and the voltage drop across the armature winding 
Ir, cancel out each other, and the voltage of such a genera- 
tor remains practically constant despite variations in load 
(see curve 3 in Fig. 4-22). Compound-wound generators are 
used in applications where it is essential to have a nearly 
constant voltage under conditions of a frequently varying 
load. 

When the two field windings are connected in opposition, 
their mmfs are subtracted from each other, and the load cha- 
racteristic is then a steeply falling curve. Compound-wound 
generators in which the series field winding is connected 
in opposition are used in applications where a short-circuit 
is a normal condition, such as in welding. 


4-14. Direct-Current Motors 


Because one and the same electric machine can operate as 
a generator or a motor, the voltage drop across its armature 
winding at rated current will naturally be the same. This 
voltage drop is J,r, = 4 to 10% of the rated voltage. As 
a consequence, if we apply a voltage V = V,, to the termi- 
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nals of a stationary armature, its current will be 25 to 10 
times the rated current. Neither the armature winding nor 
the brushes or commutator are designed to withstand such 
a heavy current. That is why, the voltage across the arma- 
ture, in the case of starting at rated current, must be brought 
down by as much as 90 to 96% of its rated value by connecting 
a rheostat r, in series with the armature. This rheostat in- 
tended to limit and adjust the starting current, is termed 
a starting rheostat. The starting current may be as high as 
200 to 250% of the rated current. Hence, the starting cur- 
rent is 
I, = Val(ro + Ts) (4-14) 
whence it is an easy matter to determine the value of ry. 
When the armature is rotating, a counter-emf is induced 
in its winding and, as a consequence, the armature current 


I, = (V — E)(ra + Fe) 


goes down as the motor picks up speed. The rheostat is no 
longer needed, and it is gradually brought out of circuit in 
steps, until its resistance is zero. At that instant, the arma- 
ture current becomes 


I, =(V— EB)lr, (4.44a) 


If a motor is running idle (at no-load), the counter-emf 
may be as high as 99% of the rated voltage at a no-load cur- 
rent of J, = Ino-loaa = (approx.) 5 to 10% of the rated cur- 
rent. In operation under load, if J, = /,, the counter-emf 
is 90 to 96% of the rated value. 

The rpm of a motor can be found by Eq. (4-19) 


n= (4/cg) (E/®) (4-15) 


As is seen, the rpm of a motor is proportional to the emf indu- 
ced in the winding and inversely proportional to the magnetic 
flux. Because E = V — I,rg, so 


n= (1/eg) 32 (4-16) 


As load on the shaft, that is, output power P,, is increa- 
sed, the terminal power, that is, input power P, of a motor 
increases. In the circumstances, if V = constant, the arma- 
ture current must rise. From Eq. (4-16) it is seen that the 
rpm of the motor must decrease. On the other hand, an in- 
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crease in J, entails an increase in the demagnetizing action 
of armature reaction, so the rpm must rise. For the consistent 
operation of a motor, it is built so that the effect of the vol- 
tage drop across its armature, /,r,, and of a stabilizing wind- 
ding (see Sec. 4-17) always prevails over that of armature 
reaction, and the rpm usually drops somewhat as load increas- 
es. 
Recalling Eqs. (4-8) and (4-12), the torque and electro- 
magnetic power developed by a motor, including friction 
loss, can be written 
T == c7l,®O 
and 


Pom = Elq=¢yl,@n 


As the retarding torque 7, increases, the driving torque 
T on the shaft is automatically raised owing to the increase 
in J, until the two torques become equal, 7 = 7,, at some 
particular value of m. Thus, for each value of load, there is 
a definite rotational speed. 

Like generators, motors are classed into shunt-wound, 
separately excited, series-wound and compound-wound ty- 
pes. While in generators one is above all interested in ele- 
ctric performance, in motors we are mainly interested in 
mechanical characteristics, such as n =f (1), n = f (J}), 
T == f (J), ete. 


4-15. The Shunt-Wound Motor 


A shunt-wound motor is best to drive mechanisms that re- 
quire a nearly constant rotational speed and economical 
speed control. A simplified circuit of such a motor is shown 
in Fig. 4-25. 

In the diagram, the letters L, F and A label the terminals 
of a starting rheostat, respectively connected to the supply 
line, the field winding, and the armature. The filled circles 
mark the contacts effectively used, and the white spaces bet- 
ween them represent the sections (or steps) in the resistance 
element of the starting rheostat. When the motor is running, 
a jumper, 3, permanently connects the terminal L to a shunt 
rheostat intended to adjust the exciting (or field) current J,. 
Before closing the knife-blade switch, it is important to see 
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Fig. 4-25. Shunt-wound 
motor 





that the movable contact J of the starting rheostat 2 resi- 
des on the idle contact 0. The movable contact of the shunt 
rheostat, designated SAR in the diagram, must be in the 
leftmost position where its resistance is a minimum. 

When the switch is closed and the starting rheostat is 
moved to the first step, the motor current J is divided into 
two parts, one flowing through the armature, /,, and the 
other through the field winding, J/;. 

Thus, the total, or supply, current is the sum of two terms 

T=!1,+1]1; (4-17) 
where J; is 1 to 7% of the rated current. 

Depending on the resistance of the starting rheostat, the 
initial current inrush, or the starting current /,, may be as 
high as 200 to 250% of the rated current. The starting torque 
causes the armature to start rotating. As the motor picks 
up speed, the armature current goes down, and the starting 
rheostat may be moved to the second step. This brings about 
a sudden increase in the armature current and, as a conse- 
quence, an increase in torque and a further increase in speed, 
after which the armature current tends to go down again. 
Now the starting rheostat is moved to the third step, and so 
on. The starting phase is complete when the full rated vol- 
tage V,, is impressed on the armature winding. The starting 
rheostat has a resistance element usually designed for short- 
time duty at starting, and the movable contact ought not 
to be left at intermediate steps for a long time. 

The faster the rate at which the armature counter-emf 
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Fig. 4-26. Speed characteristics Fig. 4-27. Operating characte- 
of a shunt-wound motor ristics of a shunt-wound motor 


rises, the faster the decrease in current and the smaller the 
heat build-up in the armature. This is the reason why mo- 
tors are always started at a maximum exciting (field) cur- 
rent, by shorting out the resistance of the starting rheostat 
(Fig. 4-25). In the circumstances, the magnetic flux and the 
counter-emf of the machine are a maximum. Also, a motor 
must develop a high torque at starting, and this can like- 
wise en place only at a maximum magnetic flux [see Eq. 
(4-8)]. , 

To stop a motor, the starting rheostat is first moved to 
the idle (zero) step, and the switch is then opened. In this 
way, the switch contacts are protected against burning and 
the motor is set up in readiness for the next start. 

Figure 4-26 shows the speed characteristic, n = f (I), of 
a motor at V and J; constant (curve /). In the absence of 
mechanical load, the no-load current is less than 10% of the 
rated current, and the speed is a maximum 


V—I : 
Nno-load = (4/cx) ——neoad 
= (approx.) (4/cz) (V/®) (4-18) 


because I,,9-1oag"a = (approx.) 0. 

As load or, which is the same, load torque is increased, 
the speed of the motor remains practically unchanged (it 
falls off insignificantly). This happens because the armature 
resistance r, is low, and even a small decrease in the coun- 
ter-emf brings about a sudden rise in armature current ac- 
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cording to Eq. (4-14a), so the torque is automatically resto- 
red to its previous value. This form of response is known as 
a flat characteristic. 

If the exciting (field) current is held constant, the magne- 
tic flux may also be deemed constant, because the effect of 
armature reaction is negligible. Then the torque of the mo- 
tor 

T =c,I]®M = (approx.) (c7D) J (4-19) 


is approximately proportional to the current J. So, if we lay 
off 7 as abscissa (Fig. 4-26), we shall obtain the mechani- 
cal characteristic of the motor 


n= f (Tf) 


at V and J; held constant. 

It is convenient to use the operating characteristics (Fig. 
4-27) included in the data sheets and specifications of 
motors. This term applies to relationships of the form 


n, I, I, n =f (P2) 


for V, and J; held constant, where y is the efficiency of 
the motor and P, is its useful power available at the shaft. 
The power available at the shaft is 


P, =T x 2nn/60 


and the torque is 
T = P, xX 60/2nn (4-20) 


If nm were constant, the 7 =f (P,) characteristic would 
be a straight line passing through the origin of coordinates. 
However, n falls off as P, rises, so 7 is not proportional 
to P,. If V is held constant, / is proportional to the input 
power, P, = VI. Because the power loss, P,; = Py, in the 
motor is small, / is approximately proportional to P,. 

The speed of a shunt-wound motor is usually regulated 
by adjusting its exciting (field) current. This method pro- 
vides for accurate and continuous control in the ratio 
1:1.5, or even 1:8, in special-purpose motors. This is 
done as follows. The torque of the motor T =c,JQ, at 
@=constant, is proportional to J, and the latter is given by 


I=(V—E)r, 
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Because r, is small, the voltage drop across the armature 
circuit, [,r,, is also small. So, when V and r, are constant, 
the armature current may rise appreciably even if the 
counter-emf decreases by a small amount. 


For example, ifr, = 0.5 ohm, V = 220 V and /, = 104A, 
the counter-emf will be EF = V — I,r, = 220 —10 x 
x 0.5 = 215:V. If the counter-emf is brought down by a mere 
10 V (about 5%), so that E’ = 205 V, the armature cur- 
rent will be J, = (220 — 205)/0.5 = 30 A, that is, there 
will be a three-fold increase in its value. 


Thus, if we bring down the exciting current by, say, 5% 
while holding both the load (74 = 7,) and rpm constant, 
the magnetic flux and the counter-emf will decrease by the 
same amount. This will bring about a sudden increase in 
armature current and torque, with the excess torque going 
to accelerate the armature. However, as the armature picks 
up speed, the counter-emf rises again, and the armature 
current will fall off to a value at which 7 = c,@/, takes 
on its former value. In this way, at 7, = T,, the motor 
comes up to a new constant speed which is higher than the 
previous one. 

With this form of control, the field rheostat dissipates 
very little power (the power lost is P,,, = I#r;), because J, 
does not exceed 1 to 7% of J,. 

This form of control allows the motor speed to be raised 
above the rated value. 

If, with the load on the motor shaft held constant, we 
place a series resistor r, in the armature winding circuit, 
the armature current will at first go down, and so will the 
torque. As a consequence, the load torque will exceed the 
motor torque, and the speed will be forced down. On the 
other hand, the reduction in speed and counter-emf will 
cause the armature current to rise, and this will be accom- 
panied by a rise in the motor torque. This chain of events 
will continue until the two torques balance each other — 
at that instant the speed ceases falling off, and the motor 
will keep running at a constant, although reduced speed. 
This form of control is bad because a substantial propor- 
tion of energy is dissipated by the series resistor. 
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A separately excited motor is very close in its characte- 
ristics to a shunt-wound motor. Since, however, the field 
and the armature windings are energized by separate sour- 
ces, rather than by a common supply line, it is possible to 
control motor speed accurately over a wide range of values 
by varying the voltage across the armature terminals and 
by use of what is known as across-the-line, direct-on-line, 
or full-voltage starting, that is, one in which no resistor or 
rheostat is interposed in series with the armature winding 
circuit. 

A likely arrangement for operation of a separately excited 
motor is shown in Fig. 4-28. As is seen, the arrangement 
is a combination of an armature-controlled motor and a 
generator (usually referred to as Ward-Leonard system). 
The armature of the motor, 2, is connected directly, that 
is, without a starting rheostat, to the armature of the gene- 
rator, Z, that energizes the motor. The generator and the 
motor are separately excited by an exciter, 6. As a rule, 
the generator and the exciter are driven by an induction 
motor 7. 

The rpm of the armature-controlled motor can be varied 
by adjusting its exciting (field) current with a rheostat, 
3, and also by varying the voltage, V, of the generator, 
likewise through the adjustment of its exciting current 
with another rheostat, 9. 

When the exciting current of the main generator is rever- 
sed with a switch, 4, the polarity of its brushes is also rever- 
sed, and so is the direction in which the controlled motor 
is running. 

The Ward-Leonard system is used in mine hoists, marine 
propulsion units, and the drive of some metal-cutting 
machines. The mechanical characteristics of the system 
(Fig. 4-29) are very close to those shown in Fig. 4-26. Curve 
I in Figs. 4-26 and 4-29 is the natural characteristic that 
would be obtained if the system operated at rated voltage, 
because 


n = (leg) (V — Irg)/® 
Ny = (A/ez) (V/®) 
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Fig. 4-29. Mechanical characte- 
ristics of the drive motor in 
0. 26 40 60 8 % the Ward-Leonard system 


If we consecutively reduce the generator voltage, V, = 
Vm, we shall obtain a family of n =f (7) curves lying 
below curve 7, but if we raise the exciting current of the 
motor, the resultant curves will lie above the curve. 


4-17. Series- and Compound-Wound Mofors 


Series-wound motors find use as car starters, in some 
crane installations, and in electric traction. All of these 
applications permit a considerable variation in motor rpm 
as the static moment on the shaft is varied. The T = f (P,) 
and n=f(P,) characteristics, at V = constant, for 
such a motor are shown in Fig. 4-30, and its connection in 
circuit, in Fig. 4-31. 

The field winding of the motor is connected in series with 
the armature winding, and its resistance r, is about the same 
as rq, that is, very small. Therefore, a starting rheostat 
is as essential in this case as it is in other d.c. motors. 

In operation, the motor current is 


[T= (V — E)lr, + rs) (4-21) 
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Fig. 4-30. Speed and _ torque Fig. 4-31. Circuit of a scries- 
characteristics of a series-wound wound motor 
motor 


At low values of J (about 25 to 50% of the rated value), 
the flux in the motor is proportional to the current, P ~ J, 
and 

T =c,IO=crll =c7rl? (4-22) 


or, in words, the torque is proportional to the current squared. 
At high values of load on the shaft, J is very close to /,, 
the motor core reaches saturation, and the torque becomes 
proportional to J. 
The rpm 
V—I(rg-+r 

n= (t/cp) ———Wat ts) (4-23) 
drops drastically as the load increases, because ® and 
I (rg + 7,;) increase both at the same time. This form of 
response is called a drooping characteristic. 

At a load less than 25 to 30% P,,, the motor would run 
at an excessively high speed because the flux would be very 
small. This form of duty must be guarded against, because 
it could cause serious mechanical damage to the motor. 

A compound-wound motor, that is, one with a series- and 
a shunt-field winding located on the main poles, behaves 
partly as a shunt-wound motor and partly as a series-wound 
motor. The two windings are connected so that their mmfs 
and, aS a consequence, their respective fluxes, ©,, and ®,, 
are combined. This connection is known as series aiding. 
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In this case, 


n= (A/c) aa (4-24) 
T =cyIq (®,,+®,) (4-25) 


This type of motor is used in applications where the speed 
characteristic must be flatter than that of a series-wound 
motor. Compound-wound motors are employed as part of 
electric drives incorporating flywheels (shears, presses, and 
the like). The energy stored by the flywheel is expended only 
when the driven mechanism slows down. Under an impact 
load, a motor having a drooping characteristic tends to slow 
down, owing to which the kinetic energy stored by the fly- 
wheel is imparted to the driven mechanism. Provision of 
a flywheel makes it possible to use motors of lower power 
ratings. 

Another use for the series field winding is in shunt-wound 
motors with a small air gap between the armature and poles 
and with a high armature current per unit length of arma- 
ture circumference. In such motors, the demagnetizing effect 
of armature reaction affects the speed more than the voltage 
drop across the armature, Eq. (4-19). As load increases, the 
speed of such a motor rises rather than falls (Fig. 4-26, 
curve 2), which is undesirable. If, however, the motor is 
fitted with another series (stabilizing) winding, its operation 
becomes more stable. 


4-18. Losses and Efficiency 


Some of the energy applied to an electric machine cannot 
be utilized to advantage, because it is dissipated as heat to 
the surroundings. This constitutes losses, of which there 
are several forms. 

Iron loss, P;. This form of loss occurs in the armature core 
and pole pieces as an outcome of cyclic (reversal of) magne- 
tization and manifests itself as hysteresis loss and eddy- 
current loss. This power loss depends on the frequency at 
which reversals of magnetization occur, that is, f = pn/60, 
and the maximum value of magnetic induction, Bm. 

Mechanical loss, Pm. This occurs in the bearings, due to 
friction between the brushes and commutator, and windage 
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(friction between air and the rotating parts). Mechanical 
power loss is proportional to the rpm, n. If the rpm and 
exciting current J; are held constant, the sum of P; and 
P,, is constant. It is called no-load power loss, P,-). 

Electric loss, P,. This is caused by the flow of current in 
the armature winding, contact resistance between the bru- 
shes and commutator, and the flow of current in the field 
and compole windings 


Pe=Torat+ Pot larept lars t+Vyl; 


Brush-contact loss, P, = AV,J,, is seen to be propor- 
tional to the voltage drop AV,, which is assumed to be 
2 V for carbon, graphite and graphitized brushes, and 0.6 V 
for copper-graphite brushes. 

Stray power loss, P,. This form of loss occurs in the arma- 
ture winding and iron core owing to the field distortion 
caused by armature reaction and stray fields established 
around the coils being commutated. This loss component 
is estimated to be 0.01 to 0.005 V,J/,, and is deemed propor- 
tional to J?. 

The efficiency of an electric machine is the ratio of useful 
power P, to the total power, P,, applied. Then, for a genera- 
tor 
VI 
Ne = Pol Pi= TTP PP, PPPS) 
and for a motor 


1m = Po! Py = VAP mt Pet Bs) x 100% (4-27) 


x 100% (4-26) 


A plot of efficiency as a function of useful power P, is 
shown in Fig. 4-27. When the useful power is low and no- 
load loss P,-; is comparable with it, the efficiency is low. 
As the useful power rises, the efficiency rapidly improves, 
but no-load loss remains constant. As load increases, electric 
loss P, increases in proportion to the current squared, and 
the rise of efficiency slows down. The efficiency is usually 
a maximum at 75 to 100% P, and amounts to 70 to 93%. 
The higher values apply to larger machines. 


Chapter Alternating Current— 
Five Basic Concepts 
And _ Definitions 


5-1. Alternating Current 


Alternating current has today gained universal acceptance 
because it can be generated at any voltage — high for 
transmission to distant places and low for transmission 
over short distances, it can be used for various loads, requires 
simple single- and three-phase generators and motors which 
are reliable in operation, convenient to use and maintain, 
and show good performance. The few exceptions are several 
fields of technology, such as electrochemistry and electric 
traction, where use is predominantly made of direct current 
derived from a.c. by rectification. 

The term ‘alternating current’ is usually applied to a 
periodic current which goes through a succession of values 
in a cyclic manner and in equal time intervals called the 
period, T. The number of such cycles per second is called 
the frequency, f. The frequency of an alternating current is 
the reciprocal of its period 


,=4F (5-1) 
The unit of frequency is the hertz, abbreviated Hz 
1 Hz = s"} 


In the Soviet Union, the standard commercial (or power) 
frequency is 50 Hz. The frequencies used in electrothermal 
processes extend from 50 Hz to 50 MHz (1 MHz = 
— 10® Hz), and those in radio, from 105 to 10% Hz. 

The waveform of an alternating current is shown in Fig. 
5-1, with time laid off as abscissa and current as ordinate. 

The values that an alternating current, voltage or emf 
have at arbitrary instants of time ¢ are called their instan- 
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Fig. 5-14. Waveform of an alternating current 


taneous values. They are designated by the low-case letters 
i, v and e, respectively. 

The maximum value that a periodic quantity attains 
over a period is called its amplitude or peak value. It is 
symbolized by the respective capital letter with the subsc- 
ript ‘m’, for example, J,,, V,, and E,, (see Fig. 5-1). 


5-2. Generation of a Sinusoidal EMF 


In engineering, use is mainly made of currents, voltages 
and emfs which obey the simple harmonic (sinusoidal) 
law. The choice of a sinusoidal waveform for electrical 
quantities is dictated by technical and economic conside- 
rations — with this waveform electric machines and appa- 
ratus have better efficiency owing to lower losses and show 
better performance, the insulation operates under easier 
conditions, and calculations are far simpler to make. 

The elementary generator shown in Fig. 5-2 has a magnet 
with poles labelled N and S, between which is rotating 
a cylindrical armature, A, built up of electrical-sheet-stee]l 
laminations or punchings. On its surface, the armature 
carries a coil of w turns, whose leads are connected via slip 
rings and brushes to an external circuit. 

The poles are shaped in such a way that the magnetic 
induction B in the air gap all\the way round the armature 
varies sinusoidally 

B = B,, sina 
where @ is the angle that the neutral plane 00’ makes with 
the plane of the coil. 

When the armature is rotating at an angular velocity 
Q = da/dt, an emf is induced in each active side of the coil 
(Fig. 5-3), given by 

e’ = Blu= B,lvsina = Bylv sin Qt (5-2) 
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Fig. 5-2. A.C. generator in Fig. 5-3. Waveforms of alter- 
sketch form nating emfs 


Because the coil has w turns, and the number of coil sides 
is 2w, the emf induced in the armature winding is 


e=e’ X 2w= 2Bywlv sin Qt = Ey, sinQt (5-3) 


where EL, = 2By,wlv is the amplitude of the emf. 

Initially, that is, at ¢ = 0, the plane of the coil coincides 
with the neutral plane, because a = Qi = 0. 

In a generator having one pair of poles (p = 1), one 
revolution of the armature, @ = 2m, corresponds to one 
alternation of emf. When the armature is driven at constant 
speed, the angular velocity Q is likewise constant 


Q=a/t = 2n/T == 2nf=o (5-4) 


In a generator having p pairs of poles (Fig. 5-4), each 
active conductor of the armature winding passes under p 
pairs of poles during every revolution, so one revolution 
corresponds to p alternations. Hence, 


e = E,, sin (pa) = E,, sin (pQt) = E,, sin wt = (5-9) 


A plot of e as a function of ¢, e = f (t), during one revolution 
of the armature in a generator having p = 2 is shown in 
Fig. 95-5. 

The product pa is called the electric angle. The ratio 
of the electric angle to the time during which it changes is 
called the electric angular velocity or angular frequency. 
Obviously, 


o = pQ = pa/t = p X 2n/pT = 2nf (5-6) 
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T 
Time per revolution 





Fig. 5-4. A. C. generator Fig. 5-5. Waveform™of the alterna- 
with two pairs of poles ue emf produced: by }a generator 
with two pairs of poles 


If the armature is running at nm revolutions per minute, 
its speed is n/60 rpm, and its frequency is 


f = np/60 (5-7) 


Example 5-1. Given: A generator with two pairs of poles 
(p=2), rotating at 1500 rpm. To find: The frequency of the 
alternating current produced by the generator. 

Solution. 


f = pni60 = 2 x 1500 + 60 = 50 Hz 


Example 5-2. Given: A hydroalternator with a rated 
speed of 250 rpm and a frequency of 50 Hz. To find: The 
number of poles that the generator has. 

Solution. 


p =f X 60/n = 50 x 60 + 250 = 12 pairs 


5-3. Phase Difference 


Imagine a generator in which the armature carries two 
identical loops, / and 2, spaced some distance apart 
(Fig. 5-6). When the armature is rotated, emfs are induced in 
the loops, having the same frequency and the same ampli- 
tude, because the loops are rotating at the same angular 
velocity in the same magnetic field. However, the loops are 
shifted in space from each other, so they pass under the 
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lig. 5-6. Generator armature Fig. 5-7. Waveforms of two 
carrying two loops alternating emfs 


centre of each pole at different times, and their emfs reach 
their amplitude (peak) values likewise at different times. 

Suppose that the armature is rotating at an angular velo- 
city w counter-clockwise. Then, initially (at time ¢ = 0), 
the loops will make angles wp, and , with the neutral plane 
OO’ (see Fig. 5-6). Accordingly, the emfs induced in the 
loops will be 


é; = Ep sin (wot + YY) 
and (5-8) 


€, = Ey» sin (wt + Ho) 


where the angle (wé + 1) is called the phase angle or simply 
the phase of a sinusoidal quantity. As is seen, the instanta- 
neous value of a sinusoidal quantity is proportional to its 
amplitude and phase. 

Let us have a closer look at the plots of the sinusoidal 
emfs in Fig. 5-7. Initially, that is, at t = O, the emfs induced 
in the loops are 


é}, = Ey sin yy 
and 
Cx, = Em Sin Pp, 


In Fig. 5-7 they are represented by the initial (zero-time) 
ordinates. The phase angles , and wp. determining the emfs 
at the initial instants of time are called the initial phases, 
or epochs, of the emfs. 

To sum up, a sinusoidal quantity can be completely defined 
by specifying (1) its amplitude, (2) its frequency or period, 
and (3) its initial phase or epoch. 
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The difference in epoch between two sinusoidal quantities 
of the same frequency is called their phase difference 


~ = fb, — hy, (9-9) 


The phase difference indicates how much, in terms of 
period fraction or time, t= p/w = pT7/2n, one sinu- 
soidal quantity leads the other in reaching the start of 
a cycle or period. 

The start of a cycle or period is the time at which the 
sinusoidal quantity of interest passes through a zero value 
(makes a zero crossing, as it is sometimes stated) from nega- 
tive to positive. The quantity reaching this instant ahead 
of the other is said to be leading in phase, and the other is 
said to be lagging in phase. 

Two sinusoidal quantities having the same epochs are 
said to be in phase. Two sinusoidal quantities having a 
phase difference of 180° are said to be in anti-phase. 


Example 5-3. Given: Two emfs defined by 
e,= E,,sin(w@t+ 60°) and e.=£,, sin (wt +30°) 
To find: The phase difference between e, and e, and the 


time difference, if the frequency is 50 Hz. 
Solution. 


Let us write the epochs , and %p, in radians 
= 60 X 22/360 = x/3 
p. == 30 X 2n/360 = x/6 
Hence, the phase difference is 
y= pp, — yp, = n/3 — n/6 = n/6 
The period is 
T = 1/f = 1/50 = 0.02 s 
so the time difference between e, and e, is 
t= p/o = nT/(6 X 2n) = TA2 = 0.00166 s 


5-4. Root-Mean-Square Values of Current and Voltage 


When solving a.c. circuits, we ordinarily use the root- 
mean-square (rms) values of alternating current, voltage 
and emf. 
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The rms values of current, voltage and emf are symbo- 
lized by the capital letters 7, V and £, respectively. 

Usually, it is the rms values; that are stated on the 
dials of measuring instruments and in data sheets. 

The rms value is that value of an alternating current or 
voltage which produces the same heating effect as would be 
produced by an equal value of direct current or voltage on 
passing through the same resistance over a_ period. 

The amount of heat that an alternating current produ- 
ces in a resistance r over an infinitesimal time interval dt 
is 


dw, = i*r dt 


and over a period (cycle), 


r r 
W = \ dwr = | i2r dt 
0 0 


On equating the above expression for W, to the amount of 
heat, /’r 7, produced by a direct current J in the same resis- 
tance r over the same time interval 7, we get 
T 
PrT = \ i2r dt 
0 
On cancelling out the common term r, we obtain the rms 


value of current 
ne 
[= V4 \ i2 dt (5-10) 


0 

Figure 0-8 shows the waveform of the instantaneous 
current i and the waveform of the instantaneous current 
squared, i?. The area bounded by the latter waveform and 
the z-axis represents the quantity defined by the integral 
T 


\ i2dt, drawn to a definite scale. The height Ab of the 


0 

rectangle AbcEA whose area is equal to that bounded by 
the i* curve (ABCDE) and the z-axis is also equal to the 
mean ordinate of the i? curve and represents the rms current 
squared, that is [?. 


11-0215 
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Fig. 5-8. Waveforms of an al- 
ternating current and a squared 
current 





If variations in a current obey the sinusoidal law 
i = Ip» sin oft 





then 
on 
pe V 4 72, sin? wt dt 
0 
Since 
To T 
| sin? ot dé = | fe dt 
0 0 
a : 
= * { dt—+ | cos 2mt dt 
() 0 
= T/2—0=T/2 
then 
t=V 11,2 =VTRB= In/V2= approx.) 0.707 In 


(5-41) 


Similarly, for the rms values of sinusoidal voltages and 
emfs we may write 


V =Vyn/V 2= (approx.) 0.707 Vm (5-12) 
and 
E = E,,/Y 2 = (approx.) 0.707 E, 
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Example 5-4. Given: The voltage measured by a voltme- 
ter is V = 220 V. To find: The voltage amplitude. 
Solution. 

Vin =V V 2=220 x 1.44 =310V 

In addition to the rms values of current and voltage, 
use is sometimes made of the average value of current and 
voltage. 

The average value of a sinusoidal current over a period 
is zero, because the same quantity of electricity Q passes 
through the cross-sectional area of the conductor in either 
direction during the first and second half-period. As a con- 
sequence, the quantity of electricity passing through the 
cross-sectional area of the conductor over a period is zero, 
and so is the value of sinusoidal current averaged over a 
period. This is why the average value of a sinusoidal cur- 
rent, /,,, is that taken over a half-period (half-cycle), 
during which the current remains positive. 

The average current is the ratio of the quantity of elec- 
tricity passing through the cross-sectional area of a condu- 
ctor over a half-period (half-cycle) to the duration of the 
half-cycle, namely 

T/2 
Tap = QU(L/2) =2Q/T =F | idt (5-43) 
0 
In taking the integral, the reference time, t = 0, must be 
chosen so that it coincides with the start of a cycle. The 
average values of voltage and emf are 
T/2 


; 2 
V av— T \ V dt 
0 
and 
; T/2 
Ew=> \ edt (5-14) 
0 


The value of current averaged over a half-cycle can gra- 
phically be depicted as the height of a rectangle whose base 
is equal to 7/2 and whose area is equal to that bounded by 
the z-axis and the current waveform between the start and 
the half of a cycle (Fig. 5-9). 


11* 
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Ly= 0, 63 Ma t 







Fig. 5-9. Current averaged over a half-cycle 


The average value of a sinusoidal current can be expressed 
in terms of its amplitude (peak) value as 


T/2 T/2 
Tap => \ idt=—™ \ sin wt dt 
0 0 
aI ae 
= ~--™ cos wt | = 27 _/% = 0.637 Im (5-45) 
0 
The same relation holds for voltages and emfs: 
Va5=2V 400 
and (9-16) 
Eqn = 2E,,/n 


5-5. Vector Diagrams 


Sinusoidal quantities are represented graphically by a 
class of curves known as sinusoids (see Secs. 5-1 through 
0-3) or by rotating vectors. The latter method appreciably 
simplifies the graphical representation of sinusoidal quan- 
tities and the graphical determination of their sums and 
differences. 

When a sinusoidal quantity, say, an emf defined by 


e= E, sin (wt + Hp) 


is represented by a rotating vector (Fig. 5-10), the vector 
is drawn so that its lenght OA represents the amplitude 
value E,, on a certain scale. The angle between the vector 
and the positive z-axis at time ¢t =O gives the initial 
phase or epoch , and the angular velocity of the vector is 
equal. to the angular frequency w of the quantity. A pro- 
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=E_sin(wttp) 





Fig. 5-10. Representation of a sinusoidal quantity by 
a rotating vector 


jection of the vector on the y-axis to the same scale then 
gives the instantaneous value of the emf. 

To demonstrate, let at time ¢ = 0 the emf eg = E,, sin p 
be represented by a projection of the vector OA on 
the y-axis. At time ¢,, the emf e, = E,, sin (wf, + ) is 
represented by a projection of the same vector, but in a new 
position, OA,, onto the y-axis. A set of several vectors 
representing sinusoidal quantities of the same frequency 
is referred to as a vector diagram. 

Because the angular velocity of all vectors in the same 
diagram is also the same, their relative position does not 
change with time. The reference time for a periodic wave- 
form can be chosen at will, so in plotting a vector diagram 
one of the vectors may be positioned arbitrarily, and the 
remaining vectors will then be drawn in their proper rela- 
tive positions with regard to the datum or reference vector 
so as to maintain the actual phase differences unchanged. 

The addition of two sinusoidal quantities can be repla- 
ced by the addition of vectors, each of which represents a 
particular sinusoidal quantity. Let, for example, there be 
two emfs 


éy= Ey, sin (ot + Wy) 
and 
Co = Emo sin (Wt + 2) 


which are represented by the vectors OA and OB in the 
diagram of Fig. 5-11. In order to combine them, the vector 
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Fig. 5-14. Vectorial addition 
of two emfs 





OA is shifted parallel to itself so that its starting point coin- 
cides with the terminal point (or terminus) of the vector OB. 
Then the closing vector OC will represent the total emf, e. 
The validity of this statement is borne out by the fact 
that the projections of the vectors OA and OB into the 
y-axis represent the instantaneous values of e, and e,, and 
the sum of the projections is equal to the vector OC rep- 
resenting the total emf. 

The vector triangle can be used to find the amplitude 
of the total emf and the tangent of its epoch angle (see 
Fig. 5-11). 

The subtraction of sinusoidal quantities is performed as 
the addition of the minuend and the subtrahend taken 
with the opposite sign, namely 


€) — &, = & + (—e,) 
or 
Emi — Emo = Emi + (— Ema) 


Chapter Single-Phase 
Six A. C. Circuits 


6-1. A General Oufline of A.C. Circuits 


When a direct voltage is impressed on an electric cir- 
cuit, the power and energy stored up by its electric and 
magnetic fields remain constant. 

When an alternating voltage is applied to a circuit, the 
two quantities vary with time. 

Any electric circuit or network which converts electri- 
city to heat and in which the energy stored by its electric 
and magnetic fields is subject to variations can be comple- 
tely specified by three parameters, namely, resistance r, 
inductance LZ, and capacitance C. 

In engineering, one encounters circuits controlled by one 
of the three parameters, that is, r, L or C, to the exclusion 
of the other two. For example, an incandescent lamp, a 
resistor or a heating appliance can be described in terms 
of only resistance r; transformers at no-load in terms of 
only inductance L; cables at no-load in terms of only capa- 
citance C. 


6-2. A Circuit Containing Only a Resistance 
[a) Voltage and Current 
When a sinusoidal voltage 
v=V,, sin ot 

is applied to a circuit of resistance r (Fig. 6-1), the current 
in the circuit is, by Ohm’s law, given by 

i = v/r = (V,,/r) sin ot = T, sin wt 
The above expression states that the current in a resistance 
r varies sinusoidally, being in phase with the applied voltage 
(Fig. 6-2a and Fig. 6-3). “ | 
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Fig. 6-1. Circuit containing 
only a resistance 








V, 
I 
Fig. 6-2. Waveforms of current, Fig. 6-3. Vector diagram ofa 
voltage and power for a circuit circuit containing only a resis- 
containing only a resistance tance 


For a specified circuit, Ohm’s law remains valid for both 
instantaneous and amplitude values, i = v/r and I, = 
V,,/r, and rms values 


I = 0.707 Im = 0.707 Vinir = Vir (6-4) 
(b) Power 


The instantaneous value of power or simply instantane- 
ous power is the product of the voltage and current taken 
at the same instance, that is, 


p=vi = @r = [pr sin? at 
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Electric energy is converted to heat irrespective of the 
direction in which current flows, so the instantaneous power 
is positive for the forward and reverse directions of current 
flow (see Fig. 6-20). 

Since 

sin?’ wt = 1/2 — 1/2 cos 2wt 
and 
1/22, = In/V 2" = PP 
we may write 
p= Tir sin? ot = '/, I7,r—'/, [7,r cos 2ut 
= [¢r — [*r cos 2ot 

In the above expression, /*?r is the direct component 
which represents the average rate of converting electricity 
to heat or, which is the same, the power averaged over a 
period 

Ma pe dip ety (6-2) 
It is called the active power. An alternative name is the 
resistive power, because it is dissipated in the resistance. 

As in d.c. circuits, active power is measured in watts, 


W. 


6-3. A Circuit Containing Only an Inductance 
(a) Voltage and Current 
When a circuit containing only an inductance (Fig. 


6-4) is traversed by a current i=/,, sinwt, an emf of self- 
induction defined by Eq. (3-37) is induced in it 


er, = —Ldi/dt = —Ld(Imsin wt)/dt 
= — LI, cos wt 
= E,, sin (wt — 1/2) (6-3) 


If an inductance-containing circuit has a negligible re- 
sistance (r = 0), then by Kirchhoff’s voltage (second) law 


vte, =ir=0 
Hence, the voltage across the terminals of the circuit is 
=— — e, = LI, cos wt = Vp, sin (wt + 2/2) (6-4) 
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Fig. 6-4. Circuit containing 
only an inductance 





7 


J 





Fig. 6-5. Waveforms of current, Fig. 6-6. Vector diagram for a 
voltage and power for a circuit circuit containing only an_ in- 
containing only an inductance ductance 


Or, in words, the applied voltage produces in the circuit 
a current whose magnetic field, as it varies, induces at 
every instant an emf of self-induction which is equal in 
magnitude but opposite in direction to the applied voltage; 
that is, the induced emf balances out the applied voltage 
(Figs. 6-5a and 6b and 6-6). 

It follows from Eq. (6-4) and Figs. (6-5) and (6-6) that 
the current is lagging behind the voltage by a quarter of 
a period (x/2) or is leading the emf e; by a quarter of a pe- 
riod in phase. This is because the induced emf, e,, is pro- 
portional to the time rate of change of current. As the cur- 
rent passes through its maximum value, its rate of change 
is zero, and the induced emf is likewise equal to zero. 
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When the current makes a zero-crossing (passes through 
its zero value), its rate of change is a maximum, and the 
induced emf is e; = E;m. By Lenz’s law, the emf e, 
opposes the current in the case of a positive increment 
(di/dt > 0); conversely, e; aids the current in the case of 
a negative increment (di/dt< 0). This explains why, for 
example, during the first quarter of a cycle (see Fig. 6-5), 
when the current is rising, the emf e; is negative, whereas 
it is positive during the second quarter of a cycle, when 
the current is decreasing. 


(b) Inductive Reactance 


From Eqs. (6-3) and (6-4) it follows that 


Vf 5,01 (6-5) 
Hence, Ohm’s law for amplitudes may be written as 
l=V,jOL=V Ja 2 (6-6) 


Dividing the above expression by 2 gives Ohm’s law for 
rms values 


I = V/oL = Viz, (6-7) 
The ratio of the applied voltage to the current in the circuit 
VAT = 2, = oL = 2nfL (6-8) 


is called the inductive reactance of the circuit. It is propor- 
tional to the circuit inductance and the current frequency. 
In d.c. circuits, it reduces to zero. 


(c) Power 
The instantaneous power in an inductive circuit is 
p=vi=V, sin (ot + 2/2) I, sin ot 
=V,,Jmcos wot sin wt 
=V,I1m'/. sin 2ot (6-9) 
= VI sin 20t 


As is seen, the power varies at twice the supply frequency 
(see Fig. 6-5), reaching a positive peak, VJ = /*@L, and 
a negative peak twice every cycle, or period. 
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Irrespective of the direction in which the current 
flows, a rise in the current and, as a consequence, in the 
magnetic flux (the first and third quarters of a cycle, Fig. 
6-5), causes the energy stored by the magnetic field to build 
up from zero to a maximum, Eq. (38-39) 


W, = LI3,/2 = LI? 


This energy is supplied by the associated generator, and the 
circuit is operating as a load, which corresponds to the 
positive value of the power in the circuit. 

A decrease in the current and, as a consequence, in the 
magnetic flux (the second and fourth quarters of a cycle) 
brings about a decrease in the energy stored by the magnetic 
field from a maximum to zero, and the energy is returned 
to the generator. Now the circuit is operating as a source 
of power, which corresponds to the negative value of the 
power in the circuit. 

The active power P in an inductive circuit is zero. The 
maximum value of power in an inductive circuit has come 
to be known as the reactive power, symbolized by Q. 

From Eq. (6-9) it follows that 


0 =V ml m/2=VI=IoL =0W» (6-10) 


Reactive power is measured in reactive volt-amperes, the 
unit being the volt-ampere reactive, VAr. 


Example 6-1. Given: A circuit containing an inductance 
of 0.02 H energized with 127 V at 50 Hz. 

To find: 1. The inductive reactance, current, and reactive 
power of the circuit. 

2. The inductive reactance and current of the circuit 
at 1000 Hz. 

Solution. 


1. x, = 2nfL = 2n xX 50 X 0.02 = 6.28 ohms 
I = V/ar, = 127/6.28 = 20.25 A 
Q = VI = 127 X 20.25 = (approx.) 2572 VAr 


2. 2, = QnfL = 2x x 1000 x 0.02 = 125.6 ohms 
I = V/z, = 127/125.6 = (approx.) 1.01 A 
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(d) The Voltage Across an Inductance as a Function 
of the Magnetic Flux 


In some cases, when solving an a.c. circuit, it is conve- 
nient to express the voltage across an inductance in terms of 
magnetic flux. 

If all turns of a coi) (loop) link the same magnetic flux, 
the amplitude of the flux linkage of self-induction is 


Y= 00. == Lf. 
In this case, the emf of self-induction andthe terminal volt- 
age are equal 
V=E,=oLI,,/V2= 2nfw0,,/V2=4.44fw),, (6-11) 


6-4. A Circuit Containing a Resistance 
and an Inductance 


(a) Voltage and Current 
If an inductor of resistance r and of inductance L (Fig. 
6-7) is traversed by an alternating current (Figs. 6-8 and 
6-9) 
i= /,, sin wt 
then by Kirchhoff’s voltage (second) law 
v+e,=ir 
Hence, the termina] votage across the coil (circuit) is 
v=ir—e, =ir+ Ldi/dt=v,+ 0, 
Here, the first term, v, = ir, is called the active or resis- 
tive voltage and the second term, v;, = — e; = L di/dt is 


called the reactive or inductive voltage. 
The active voltage (see Figs. 6-8 and 6-9) 


Vg=ir=J pr sin ot =V,, msin wot 
varies sinusoidally and is in phase with the current. 
The amplitude of the active voltage is 
Vigm=L mr 
and its rms value is 
Ver 
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Fig. 6-7. Circuit containing a 
resistance and an inductance 
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Fig. 6-8. Waveforms of current Fig. 6-9. Vector diagram for a 
and voltage for a circuit con- circuit containing a resistance 
taining a resistance and an and an inductance 

inductance 


The reactive voltage (see Figs. 6-8 and 6-9) 
v, = Ldi/dt=oLI,, cos ot =V_,» sin (wt + 1/2) 


varies sinusoidally and leads the current by 90° (it is said 
to be in quadrature leading with the current). 
The amplitude of reactive voltage is 


and its rms value is 


V,=oLll=z2,!1 


Ch. 6. Single-Phase A. C. Circuits = 175 


The voltage across the terminals of the circuit shown in 
Figs. 6-8 and 6-9 
V=Vatv,=Vo, msin ot + VL» sin (ot + 7/2) 
=V,, sin (ot-+ @) (6-12) 
varies sinusoidally and leads the current by an angle @ in 
phase. 


The vectors V,, V; and V (see Fig. 6-9) form a right- 
angled voltage triangle from which it follows that 


—VVi+Vi (6-13) 


This relation also applies to the amplitudes of the respective 
voltages 


=VV2 mtVim mt Vim 


The phase difference between the voltage across and the 
current in an a.c. circuit can be found from the voltage 
triangle of Fig. 6-9 as 

cos@ = V,/V or tang = V,/V, 


(b) The Impedance of a Circuit 


On expressing the component voltages in Eq. (6-13) as the 
products of currents, reactances and resistances, we obtain 


V=VU(r)?+([2,)2?=1 Vr?+ a2 = 12 
Ifence the current in the circuit is 
T=Viz=V/V r24+ 23 (6-14) 


The above equations state Ohm’s law for a circuit of resis- 
tance r and inductance / in terms of the rms values of cur- 
rent and voltage. 

The quantity 


2=VrFta=VFtolP (6-15) 


is termed the impedance of a circuit. 

Graphically, the resistance r, the inductive reactance 
x; and the impedance z are depicted as the sides of.a right- 
angled impedance triangle (Fig. 6-10). This triangle can be 
derived from the voltage triangle by reducing its sides to 
1/I of their former length. 
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yD 
af Fig. 6-10. Impedance triangle for a 
circuit containing a resistance and an 
P inductance 


The angle between the sides z and r gives the phase diffe- 
rence m between the voltage and current, because 


cos mg = V,/V = Ir/Iz = rl/z 
and 
tang = V,/V, = 2,/r (6-16) 


The greater the reactive voltage in comparison with the 
active voltage or the greater the inductive reactance in 
comparison with the resistance, the greater the angle by 
which the current lags in phase behind the voltage. 


(c}) Power 


In a circuit containing a resistance r and an inductance 
L the instantaneous power is 


p = vi = Vp sin (wt + @) Lm sin ot 
= (Vl m/2) cos @ — (Vml m/2) cos (2wt + @) 
= VI cosg — VI cos (2wt + a) (6-17) 


It follows from Eq. (6-17) that the instantaneous power 
in a circuit is the sum of a direct component, VJ cos q, 
and an alternating component, VJ cos (2wt + @), varying 
sinusoidally at twice the supply frequency. The power 
averaged over a period, ordinarily used in calculations, 
is equal to the direct power VJ cos g, because a harmonic 
function averaged over a cycle is equal to zero. 

Thus, the average power in a circuit is equal to the pro- 
duct of the rms voltage and rms current multiplied by 
cos @, or, mathematically, 


P = VI cos@ (6-18) 
Recalling that 
Vcos p= V,=ITr 
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Fig. 6-11. Power triangle 


we get 
P=VIjcos p=V,/ =I*r 


As is seen, the average power in a resistance, given by Eq. 
(6-2) to be P = V,/, is at the same time the average or 
active power in a circuit containing both r and JL, that is, 
P = VI cos 9 

-%{The reactive power of a circuit, defined by Eq. (6-10), 
characterizes the exchange of energy that takes place bet- 
ween a generator and the associated circuit 


Q=V_,l=l2r,=lzsing=VI sing (6-19) 


and is equal, as stated mathematically above, to the pro- 
duct of the rms voltage and current multiplied by sin 9. 
The product of the rms voltage and current 


S = VI (6-20) 
is called the apparent power in a circuit. It is measured in 
volt-amperes, VA. 

The active, reactive and apparent powers are graphically 


depicted as the sides of a right-angled power triangle (Fig. 
6-11), because they are connected by a relation of the form 


P?4+@Q = S? 


(VI cos g)*? + (VJ sin g)? = (VI)? (6-21) 
The power triangle can be derived from the voltage triangle 


if we multiply its sides by the circuit current. 
The ratio of the active to the apparent power 


P/S = cos,p (6-22) 


is called the power factor. 

‘(The overall dimensions, mass, cost and design of. an 
electric machine or apparatus are all controlled by its 
rated apparent power, S, = V,/,, and the apparent power 


12—0215 


or 
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S characterizes the degree to which the machine or appara- 
tus is utilized in a particular duty. 


Example 6-2. Given: An inductor of ZL = 102 mH = 
0.102 H and r = 24 ohms, energized with 240 V at 50 Hz. 
To find: z,, z, 1, V., Vz, cos @, and P. 
Solution. 
zy, = 2nfL=2n x 50 X 0.102 = 32 ohms 


z= Vr2+ 2? = 242+ 32? — 40 ohms 
I=V/z=240/40=6A 
Vi ,=Ir=6 x 24=144V 
V,=lz,=6 xX 32=192 V 
cos p= r/z = 24/40 = 0.6 
P=VI cos p= 240 x 6 x 0.6 = 864 W 


6-5. A Series Circuit Containing Resistances 
and inductances 


The voltages across the oo of two inductors con- 
nected in series (Fig. 6-12), V,, = Jr, and V,, = Ir., are 
in phase with the current J. The voltages across the inductive 
reactances of the inductors, V;, = Jz,, and Vz, = Izzp., 
lead the current by 90° (they are said to be in quadrature 
leading) (Fig. 6-13). 

The voltage across the terminals of a series circuit con- 
taining two inductors can be found from the voltage triangle 


V=V (Voit Vas)? + (Vii + Vie)? = V V2+ Vi. 


On expressing the component voltages in terms of currents, 
resistances and inductive reactances, we get 


V= IV (ritre)?4+ (tri4+ 212)? =1V r+ 24 = 12 


where 
r=r,+r, is the resistance of the circuit 
Ly =41, + Zz, is the inductive reactance of the circuit. 


The impedance of the circuit is 


z= Vr?-+ 22 
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ry L; Fig. 6-12. Series circuit contai- 
ning resistances and inductan- 
ces (two inductors in series) 





Vsing 
=VijtVi2 
Veosp =Vo,t+Va2 r=7;tl 
Fig. 6-13. Vector diagram for Fig. 6-14. Impedance triangle 
a series circuit for a series circuit 


In Fig. 6-14, the impedance is represented by the hypote- 
nuze of a right-angled impedance triangle which can be 
derived from the voltage triangle, if we reduce each of its 
sides to 1/I of its original length. 

The circuit current 


I= V/z 
lags behind the voltage across the circuit by an angle @ 
which can be determined from its cosine or tangent 
cos g = r/z and tang = z,/r 
The average, or active, power in the circuit containing 
two inductors is 
P = P,+ P, = VI cos@ 


The reactive and apparent powers in the same circuit are 


Q = VI sing and S = VI 
12* 
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6-6. A Parallel Circuit Containing Resistances 
and Inductances 


The current in the first parallel path or branch (Fig. 6-15) 
I,=V/z4y=V/Y r2+ 22, 
lags behind the voltage in phase by an angle whose tangent is 
tan Q, = Xri/"4 

The current in the second parallel path or branch (Fig. 

6-15) 
I, =Vil%g=V/V r2 +22, 
lags behind the voltage in phase by an angle whose tangent is 
tan M2 = 21 2/To 

To simplify the solution of parallel circuits, the current 
in each parallel path is resolved into two components. One 
component is the active current, /,, that is, the current 
which is in phase with the applied voltage. The other com- 
ponent is the reactive current, /,, that is, the current which 
is in quadrature with the voltage (displaced through 90° 
from it). 

The component currents in the first parallel path (Fig. 
6-16) are 

Iq,4= I, cos y= (V/24) (14/24) = Vry/2y = Vigy 
and (6-23) 
Tpy== 1, sin Py = (V/24) (214/24) = Vrpy/25 = Vy 
where g, is the conductance and }, is the susceptance of the 
circuit. 

In constructing a vector diagram, the active current vec- 
tor is laid off in the direction of the voltage vector. The 
inductive current component is laid off at right angles in 
the clockwise direction. The closing side of the current 
triangle is the current vector of the first path 


1 =VE, FE, =V Vast Wo =v VETO = Vy: 
(6-232) 
where 
Y¥,=1/2,= V2? +b; 
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a) 

oy 

+ 

o 

i 

ey 
Fig. 6-15. Parallel circuit con- Fig. 6-16. Vector diagram for 
taining resistances and induc- an a.c. parallel circuit 
tances (two inductors in paral- 
lel) 


is the admittance of the first parallel path. 
For the second parallel path 


Igo = I, 0s Qe 
Ir. = I, sin 2 
I=VI az t LF. 
The sum of the active currents in the two parallel paths 


having the same phase gives the active component of the 
circuit (total) current 


Ta=TLa:t+Lae 
The sum of the reactive currents in the two parallel 


paths, having the same phase, gives the reactive component 
of the circuit (total) current 


Lp=Inthe / 
The total current in the series part of the circuit is 
I=Vhi+F 
This current lags behind the applied voltage in phase by an 
angle @ whose tangent is 


tang = J,/I, 


The active power in the circuit is the sum of the active 
powers in the parallel paths 


P=P,+P, = VI, cos 9, + VI, cos gp, = VI cosp 
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Similarly, the reactive power in the circuit is 
Q0=0,4+ 2, = Vi, sing, + VI, sing, = VI sing 


The apparent power in the circuit is 
S=VP+@ 


Example 6-3. Given: A circuit having two parallel paths, 
one containing an inductor of r,; = 1 ohm and z;, = 3 ohms, 
and the other an inductor of r, = 3 ohms and z,;, =2 ohms, 
both energized by 230 V. 

To find: The currents in the paths and the circuit (total) 
current. 

Solution. 





I, =V/2, = 230/Y 12+ 32 = 72.8 A 
I, = V/2_ = 230/Y 32+ 22 = 64 A 
COS My = 1, /2, = 1/3.16 = 0.317 
sin My = 27,4/2; = 3/3.16 = 0.95 
COS My = Pp /2y = 3/3.6 = 0.833 
SiN Qo = Xz2/2. = 2/3.6 = 0.556 
The component currents in the first parallel path are 
Ia4= 1, cos 9, = 72.8 X 0.317 = 23 A 
I,4= 1, sin 9, = 72.8 X 0.95= 69 A 
The component currents in the second parallel path are 
I 49 = In, cos Q, = 64 X 0.833 = 53.2 A 
To = I, sin Q. = 64 x 0.556 = 35.4 A 
The components of the circuit (total) current are 
Tag=Teytlqg = 23+ 53.2 = 76.2 A 
T= Ty +]. = 69+ 35.4= 104.4 A 


The circuit (total) current is 


T=V Ti+ P= 76.22 +1044 = 129.4 A 
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6-7. A Circuit Containing Only a Capacitance 
(a) Voltage and Current 

If the voltage applied to a capacitor (Fig. 6-17) is 

v = V,, sin wot 
then the charge across the capacitor 
q=Cv =CV,, sin ot 

varies with the applied voltage (Fig. 6-18). 

The current in a circuit containing only a capacitor is 


equal to the time rate of change of the charge and proportio- 
nal to the time rate of change of the capacitor voltage 


i = dq/dt = C dv/dt 


Fig. 6-17. Circuit containing 
only a capacitance 








Fig. 6-18. Waveforms of cur- Fig. 6-19. Vector diagram for a 
rent, voltage and power for circuit containing only a capa- 
a circuit containing only a citance 


capacitance 


184 Part One. Electricity 


When a sinusoidal voltage makes a zero crossing (passes 
through zero value, Fig. 6-18), its rate of change is a maxi- 
mum and, as a consequence, so is the current in the circuit 
containing only a capacitance. At the instants when the 
voltage reaches its amplitude (peak) value, its rate of change 
drops to zero, and so does the current in the circuit. 

Thus, the current in a circuit containing only a capacitance 


i = C dvi/dt = CV» (d sin wt/dt) = CoV» cos wt 

= I,, sin (wt + 1/2) (6-24) 
varies sinusoidally and leads the voltage by 90° (it is said 
to be in quadrature leading with the voltage (see Fig. 6-19). 


(b) Capacitive Reactance 


It follows from Eq. (6-24) that the amplitude of the current 
in the circuit of Fig. 6-17 is 


Im = COVm 
Dividing the above expression by V2 gives 
I =CoV = V/I(1/wC) = V/zr¢ (6-25) 


The above expression states Ohm’s law for a circuit contain- 
ing only a capacitance C in terms of rms voltage and current. 
The quantity 
Lo = 1/aC = 1/2nfC (6-26) 
is called the capacitive reactance. 
The capacitive reactance of a circuit is inversely propor- 
tional to the capacitance and frequency of the a.c. current. 


As the frequency varies from f = 0 (direct current) to f = oo, 
the capacitive reactance varies from r~ = © tO %c = 0. 


(c}) Power 


The instantaneous power in a circuit containing only 
a capacitance is 


p = vi = V,, sin wil, cos of = VI sin 2uf 


A plot of instantaneous power for such a case is shown in 
Fig. 6-18. As follows from the above equation, the instan- 
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taneous power in a circuit containing only a capacitance 
varies at twice the supply frequency, alternatively reaching 
a positive and a negative peak, VJ = I*/wC. As the voltage 
is raised (during the first and third quarters of a cycle, 
Fig. 6-18), the energy stored by the electric field rises from 
zero to a maximum value 


W = CV3,/2 = CV? (6-27) 


This energy is supplied by an external generator, which 
means that the circuit is operating as a load and corresponds 
to the positive value of power. 

As the voltage is brought down (during the second and 
fourth quarters of a cycle, Fig. 6-18), the energy stored by 
the electric field is decreased from a maximum value to 
zero, Which means that the circuit returns it to the genera- 
tor. Thus, during these parts of a cycle the circuit is operat- 
ing as a source of power, which corresponds to the negative 
value of power. The energy that the circuit receives over 
a half-cycle is zero, so the average power in the circuit is 
likewise equal to zero. 

The maximum power in a circuit containing only a capa- 
citance is referred to as reactive power 


0=VI=V20C =W,,0 


—, 


It characterizes the exchange of energy between the circuit 
and the associated generator. 


Example 6-4. Given: A 80-ypF capacitor connected in 


a 380-V, 50-Hz supply line. To find: z~, J and W,,. 
Solution. 


Lo = 1/2nfC =1/(2n x 50 x 80 x 107%) 
= (approx.) 108/25,000 = 40 ohms 

I =V/zc = 380/40 =9.5 A 
Wm=CV?2=80 x 10-6 x 380? = 11.5 J 
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6-8. The Oscillatory Circuit 


Initially, when a charged capacitor is connected to an 
inductor having a negligible resistance (Fig. 6-20), the capa- 
citor voltage is a maximum, Vom, and the electric field 
established by the capacitor stores a maximum energy, 
Wem == CVGr/2. 

When the switch is closed, the capacitor begins to dischar- 
ge and gives rise to a flow of current round the circuit. As 
a result, the capacitor voltage decreases, and the potential 
energy of the electric field established by the capacitor is 
transferred to the kinetic energy of the magnetic field 
set up around the inductor. 

As the capacitor discharges more and more, the current 
around the circuit gradually rises until it reaches a maximum 
value—at that instant the capacitor will be completely 
discharged. The energy that the magnetic field has stored by 
that time will be 


W m= LI?,/2 = CV3m/2 (6-28) 


Although the capacitor voltage falls to zero, the flow of 
current does not cease in the circuit, because there exists 
a magnetic field. The current in the circuit is maintained by 
the emf of self-induction which is positive when the current 
decreases. The current having the previous direction in the 
circuit of the discharged capacitor causes electrons to migrate 
from the formerly negative plate to the formerly positive 
plate. As a result, the former begins to charge positively and 
the latter, negatively. In the absence of a resistance in the 
circuit, this process would go on until the capacitor had 
charged to a voltage equal in magnitude but opposite in sign 
to the original one. Then the capacitor would discharge in 
the reverse direction, the discharge would again be followed 
by a re-charge, and these events would repeat themselves 
periodically. 

In such a circuit, the energy stored by the electric field 
is transferred to the magnetic field and back. Obviously, 
what we have are oscillations, and the circuit is called — 
quite appropriately — the oscillatory circuit. The current 
in and the voltage across an oscillatory circuit vary sinusoi- 
dally (Fig. 6-21), with the capacitor voltage, equal to the 
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C L 
| 5 Fig. 6-20. Oscillatory 
circuit 


emf of self-induction at any instant, being shifted by a quar- 
ter of a cycle in phase from the current. 

The charge on the capacitor varies in proportion to varia- 
tions in the capacitor voltage 


dg=idt=Cdv¢ 
Hence the current in the circuit 
L — C dv ,/dt 


is seen to be proportional to the time derivative of the capa- 
citor voltage. 
The capacitor voltage 
Ve = —e, = Ldi/dt (6-29) 


is proportional to the time derivative of the circuit current. 
This form of relationship between the two quantities can 
exist if the current obeys the sine law and the voltage, the 
cosine law. 

To determine the frequency f, of the current in such a cir- 
cuit, we shall first write the current amplitude 


Tim =Vem@C =Veom X 2nf,C (6-30) 
On substituting the above equation in Eq. (6-28), we get 
CVim/2 = LVém X 40? f2C2/2 


Fig. 6-21. Waveforms of 
voltage, current and po- 
wer for an_ oscillatory 
circuit 
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Hence, 
o=1/2n VLC (6-31) 


The quantity f, is called the natural frequency of an oscil- 
latory circuit, and @, is its natural angular frequency. 

On the basis of Eqs. (6-30) and (6-31), the amplitude of 
the current in an oscillatory circuit is 


Tim = V CV2-m/L =Vem!V LIC =Vem!2c 


Here, the quantity z, = VY L/C has the dimension of impe- 
dance and is called the characteristic impedance of the oscil- 
latory circuit. 

If an oscillatory circuit contains a resistance r which does 
not exceed twice the value of the characteristic impedance, 
each cycle of oscillation turns some of the energy to heat, so 
the amplitude of the current and voltage is decreased—the 
oscillations are said to be damped. If r exceeds the above 
value, the capacitor will discharge aperiodically, with the 
capacitor voltage and charge reaching zero gradually and 
continually, that is, with oscillations. 

In order to produce wndamped oscillations in a circuit made 
up of a capacitance C, an inductance Z and a resistance r, 
one needs an a.c. supply source which would make up for 
the energy dissipated in the circuit resistance. The source 
can be connected to the oscillatory circuit in series or paral- 
lel. Accordingly, we shall then have a series resonant circuit 
(Sec. 6-9) and a parallel resonant circuit (Sec. 6-10). 


6-9. Voltage (Series) Resonance 


When a circuit containing a resistance r, an inductance L 
and a capacitance C* (Fig. 6-22) carries a sinusoidal current 


i= TI, sin ot 


the voltage across such a circuit is the sum of three compo- 
nents (Fig. 6-23), namely an active voltage V, = Ir, which is 
in phase with the current, an inductive voltage V; = /z,, 
in quadrature leading with the current, and a capacitive 


* Usually symbolized as an LCR circuit in the UK and US litera- 
ture of the subject.— Translator’s note, 
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Fig. 6-22. Circuit containing a 
resistance, an inductance and a 
capacitance (an LCR _ circuit) 





Le l} 2 
Zz 
x 
r 
Fig. 6-23. Vector diagram for Fig. 6-24. Impedance triangle 
an LCR circuit at z; >2z¢ for an LCR circuit at z, > zc 


voltage Vo = Izc, in quadrature lagging with the current. 
The terminal voltage can be found from a right-angled 
triangle (see Fig. 6-23) one leg of which is the active voltage 
vector and the other leg is the difference between the 
inductive and capacitive voltage vectors, or mathematically 


V=VVi+Vi—Ver (6-32) 


On replacing Vz, Vz, and V¢ in Eq. (6.32) by the respec- 
tive products of current, resistance, inductive and/or capa- 
citive reactance, we obtain 


V =V Unt Uap Tac =I VP ee 


= Iz (6-33) 
Hence, Ohm’s law in terms of rms values takes the form 
I= V/z (6-34) 


The impedance 
z= Vr?+(t,—2¢)? =Vre+ 22 (6-30) 


may be depicted as the hypotenuze of a right-angled impe- 
dance triangle (Fig. 6-24) which can be derived from the 
voltage triangle, if we divide its sides by the current /. 
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Fig. 6-25. Vector diagram for 
a series (voltage) resonance 












ANN 
AMAT 


Fig. 6-26. Impedance triangle Fig. 6-27. Waveforms o: cur- 
fcr an LCR circuit at z;, = rent, voltage and power at se- 
= Zc ries (voltage) resonance 





The term zt = 2, — Zq is called the reactive impedance 
of the circuit. 

The current is shifted from the voltage in phase by an 
angle @ whose tangent is 


tan p= (V_,—V¢)/V_=(r,—Z¢)/r 


When xz; ><Zg and, as a consequence, V; > V¢ (Figs. 6-23 
and 6-24), the current is lagging behind the voltage by an 
angle m; when x; <1 2, and V,;, < V¢, the current is leading 
the voltage in phase. 

When z,; = Zc and, naturally, V; = Ve (Figs. 6-25 and 
6-26), what is known as voltage (or series) resonance takes 
place. In this condition, the impedance of an oscillatory 
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circuit is purely resistive 


2=Vre+(r,—2z¢)*=r 
In the circumstances, the impedance is a minimum (z = r), 
and at a given terminal voltage V, its current is a maximum 


I, = Vir (6-36) 


Thus, af resonance the reactances, x; and xc, cancel each 
other and the current in the circuit is in phase with the voltage 
across it: 

tang=a2z/r=0, g=0 


The inductive voltage V,; and the capacitive voltage Vo, 
equal in magnitude but opposite in phase (see Figs. 6-25 
and 6-27), cancel each other, and the voltage across the cir- 
cuit is equal to its active, or resistive, voltage. 

The ratio of any of the two reactive voltages across an 
oscillatory circuit to its total voltage is termed the Q (qua- 
lity) factor of that circuit 


Q=V,/V =V-/V = 1,2,/I,r = 1,t¢ll,r (6-37) 
= 2,/r = 2¢/r = 2,/r 


The Q-factor shows how many times V; and Vg exceed the 
terminal voltage V of an oscillatory (or resonant) circuit 
at resonance. At high values of Q, V,; and Vg are many 
times the terminal voltage V. 

When V, and V¢ are equal and the phase difference bet- 
ween them is a half-cycle, this is an indication that at 
any instant of time the capacitor and inductor voltages are 
equal in magnitude but opposite in sign, vy, = —vg. As 
a consequence, the instantaneous inductive and capacitive 
powers at any time are equal in magnitude but opposite 
in sign, pr = —Pc (Fig. 6-27), because p,; = iv,, and 
Pc = We. 

Hence, we may state that an increase in the energy stored 
by the magnetic field occurs solely owing to a decrease in 
the energy stored by the electric field and vice versa. Thus, 
the only thing left for the generator to do is to make up for 
the energy dissipated in the resistance. | 

To sum up, voltage (or series) resonance is characterized 
by the fact that the magnetic and electric fields set up 
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by an oscillatory circuit periodically exchange all of the 
energy they respectively store. 
At voltage (series) resonance, 


oL =1/wC or wLlC =1 (6-38) 
Hence, the angular resonant frequency is 
wo =1/V LC = wo (6-39) 
and the resonant frequency is 
f=o/2n =1/2n VLC = f° (6-40) 


In other words, resonance takes place at a generator frequency 
equal to the natural frequency of the oscillatory (resonant) 
circuit. - 

When one adjusts the circuit parameters in order to secure 
resonance, one is said to tune the circuit to resonance. 

At resonance, the parameters w, J and C are related by 
Eq. (6-38) from which it follows that a circuit can be tuned 
to resonance in one of several ways. For example, if we hold 
w and L constant, this can be done by adjusting C. If 
we hold Z and C constant, this can be done by adjusting 
the frequency o of the supply generator. If we hold w con- 
stant, this can be done by adjusting Z and C, and so on. 

Figure 6-28 shows plots of reactances, namely z,; = oL, 
Zo = 1/wC and t = 2, — “X¢g, as functions of frequency 
w = 2nf. They are called the frequency responses of a series 
resonant circuit. 

The inductive reactance zx, = wl increases in propor- 
tion to frequency » from 0 at w = 0 to infinity at @ = oo. 
The capacitive reactance zg = 1/wC varies inversely pro- 
portional to frequency from —oo to zero. The reactance 
“x= 2X, — Xe varies from z = —oo to z = 0 and then to 
xz = oo as the frequency varies from w = 0 to the resonant 
frequency ® = @», and then to o = oo. 

If an LCR circuit is held at a constant voltage V while the 
frequency q is varied, all the quantities defining the operat- 
ing conditions in the circuit will also vary. Among other 
things, the circuit current J = V/z = V///r? + 2? will be 
zero at w =O and w = oo, and a maximum, J = V/r, 
at the resonant frequency ® = @, (Fig. 6-29). 
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Fig. 6-28. Frequency respon- 
se curves 





Fig. 6-29. Resonance curves for different values of the Q-factor 


The so-called resonance curves, J = f (), of a series re- 
sonant circuit for two values of the Q-factor, Q, and Q, > 
> Q,, and for the same values of V, ZL and C are shown in 
Fig. 6-29a. Similar curves are shown in Fig. 6-29), but here 
the ordinates are the current values relative to the value 
at resonance, that is, J/J,, and not the absolute values, 
so the resonance curve is I/I,; = f (w). 

As is seen from the resonance curves, current oscillations 
are at their maximum only on frequencies close to the natural 
frequency @, of the circuit. This is another way of saying 
that the circuit sustains oscillations within a particular 
frequency band or range only, called the bandwidth of the 
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circuit. It is customary to define the bandwidth of a circuit 
as that within which the circuit current is not less than 
T,/V 2 = 0.707 I,. 

If we draw a straight line parallel to the z-axis (Fig. 6-29b) 
at an ordinate of 0.707 and drop perpendiculars from points 
a and b where the line cuts the resonance curve, onto the 
z-axis, the intercepts thus obtained will mark the frequencies, 
@, and @., that limit the bandwidth] 


Aw = @, — Oy, 


Quite appropriately, the two frequencies are called limiting. 

From Fig. 6-29 it follows that the higher values of the 
Q-factor correspond to the narrower resonance curves and 
the narrower bandwidths, Aw. 

The property of resonance is widely utilized in many ap- 
plications, notably in radio and electronics. In power cir- 
cuits, however, voltage (series) resonance is an abnormal 
condition and may have dangerous consequences because 
of an excessive increase in current and overvoltages across 
the reactive elements of the circuit. 


6-10. Current (Parallel) Resonance 


(a) A Lossless Parallel Resonant Circuit 


Consider a parallel circuit (Fig. 6-30) one branch of which 
contains inductance LZ and the other a capacitance C. Ii 
the two branches have the same reactance 


ol = 1/aC 


the circuit will be in a condition known as current (or paral- 


lel) resonance. 
From the above equation it follows that the condition of 


resonance can be secured by adjusting the inductance, capa- 
citance, or frequency, because 


L=1/0?C€; C=1/H?L and wo=1/VLC=o, (6-41) 


At current resonance, the branch currents 
I, =1, = VioL = 1, =I¢ = Vol 
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Fig. 6-30. Parallel LC circuit 








Fig. 6-31. Vector diagram ot Fig. 6-32.,. Waveforms of cur- 
parallel (current) resonance at rent, voltage and power at pa- 
r=0 rallel (current) resonance (r = 0) 


are equal in magnitude and vary in anti-phase (Fig. 6-31), 
because J, is in quadrature lagging and J¢ is in quadrature 
leading with the voltage. 

By Kirchhoff’s current (first) law, the current in a series 
circuit (the total or circuit current) is 

i=ip tie 

Since, however, ic = —i,, then i =i, + ig =0, or in 
words, the total (circuit) current is zero. 

Plots of currents, voltage and power applying to this case 
are given in Fig. 6-32. 

The fact that the circuit contains no resistance indicates 
that the energy stored by the circuit is not dissipated. 

During the first quarter of a cycle (see Fig. 6-32), the 
capacitor voltage rises from zero to a maximum value Vom, 
and the electric field it sets up stores the energy Wom 
= CVZ,/2. During the next quarter of a cycle, the electric 
field collapses and gives up the energy it has stored. 

During the same [first quarter of a cycle, the current in 
the inductor decreases from a maximum [/,,, to zero, the 
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associated magnetic field collapses, and it gives up the 
energy it has stored. During the next quarter of a cycle, 
the current in the inductor rises to 1; m, and the energy stored 
by the magnetic field of the inductor rises from zero to 
a maximum W,, = LI*,,/2. 

From the foregoing and Fig. 6-32, it is an easy matter to 
see that during the first quarter of a cycle the kinetic energy 
of the magnetic field is converted to the potential energy 
of the electric field; during the second quarter of a cycle 
the sequence is reversed, namely the energy of the electric 
field is converted to that of the magnetic field. This sequence 
of energy exchange between the electric and magnetic fields is 
repeated periodically. 

There is no exchange of energy between the circuit and 
its power source, because the current in the series (common) 
part of the circuit is zero. 


(b) A Lossy Parallel Resonant Circuit 


The circuit of Fig. 6-33 consists of an inductor and a capa- 
citor connected in parallel and held at the same voltage, V. 
The inductor current is 


I,=V/4,=V/Vr?4+ 22, 
This current lags in phase behind the voltage by an angle 
whose tangent is 
tan @, = 2,,/r, 


The inductor current can be resolved into two components, 
namely an active current, /,, = J, cos q,, which is in phase 
with the applied voltage, and a reactive current, /,, = J, 
= J sin g,, which is in quadrature lagging with the applied 
voltage (Fig. 6-34). 

The capacitor current is 


I, =I¢ = Vize = VI(A/a@C) = Val 


It is in quadrature leading with the applied voltage. 
The total (circuit) current can be found from the current 
triangle of Fig. 6-34, where one leg is the active current, 
I, = Iq, and the other leg is the reactive current equal 
to the difference between the reactive component of the 
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Fig. 6-33. Parallel LCR circuit 





Fig. 6-34. Vector diagram for Fig. 6-35. Vector diagram at 
a parallel LCR circuit current (parallel) resonance 


inductor current and the capacitor current 
f, =I, —1,=I,—Te¢ 
Hence, the total (circuit) current is 
T=Vis+h 


The phase difference between the total (circuit) current and 
the applied voltage can be deduced from its tangent (Fig. 6-34) 


tang = J,/T, = UT, —Tey/lay 


The total current may lag behind the voltage by an angle 
when J, >J¢ or lead it when J; <J¢, or be in phase 
with it (Fig. 6-35) when J; = J ¢. In the last case, the 
circuit is in a condition called current (or parallel) resonance 
when I= Y) J? + J? = J, and the power P = VI cos 9g = VI, 
because @ =O, and cos @ = 1. 

To sum up, the total (circuit) current is equal to the active 
current of the inductor and is less than the total inductor 
current (14, < J). 
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Fig. 6-36. Waveforms of cur- 
rent, voltage and power for a 
parallel LCR circuitat I¢ = I, 


The ratio of the capacitor or inductor current (J, ~ I,) 
to the total (circuit) current at resonance is called the Q 
(quality) factor of a parallel resonant circuit: 


L/I =0 


It shows how many times the current in a parallel resonant 
circuit exceeds the total (circuit) current at resonance. 

In this case the maximum power expended to set up 
the magnetic field VJ, is equal to the maximum power 
expended to establish the electric field VI. Accordingly, 
the maximum energy stored by the magnetic field is equal 
to that stored by the electric field, Wrm = Wem. AS is the 
case with the resonant circuit examined carlier, the energy 
stored by the magnetic field is completely transferred to 
the electric field during one quarter of a cycle and back 
during the next. The generator supplies only that part of 
the total energy which is dissipated in the circuit resistance. 
Because the reactive components of current cancel each 
other, the generator circuit solely carries the active current 
associated with the energy lost in the resistance. Plots of 
the currents, voltages and power applicable to the resonant 
circuit of Fig. 6-33 appear in Fig. 6-36. 
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6-11. The Power Factor 


The rated current, J,, of an electric machine, transformer 
or electromagnetic apparatus is specified on the basis of the 
maximum allowable temperature rise of its windings, and 
its rated voltage V,, on the basis of the maximum allowable 
temperature rise of the magnetic circuit. Thus, the rated 
current and the rated voltage are the maximum allowable 
values under service conditions. Accordingly, a generator 
can develop a maximum active power when its power factor 
is cosq@ = 1, because 

P= V1 54.008: 0. = Vi 14. = Sx (6-42) 


In this case, the generator is utilized most effectively, since 
its active power is equal to the rated apparent po- 
wer, Sp. 

As the power factor decreases, the active power developed 
by the generator also decreases in proportion to cosq. 
For example, at cos g = 0.5, the active power of a genera- 
tor 

P, = V, I, X 0.5 = 0.58, 


is only half its rated apparent power. In other words, the 
rated power of the generator is utilized incompletely, which 
is of course a waste of input energy. 

The power factor of a generator (or a generating station) 
depends on the load(s) it carries. This is why power authori- 
ties require that each consumer should maintain a power fac- 
tor of at least 0.9 to 0.92. If a consumer fails to do so, he 
is charged an extra payment. If, on the other hand, a consu- 
mer maintains a power factor at a higher value, his electri- 
city bill is discounted. 

In industry, most loads are electric motors and other 
electromagnetic equipment, which depend for their ope- 
ration on an alternating magnetic flux. 

Such a magnetic flux can be produced only if the circuit 
current has a reactive component /,, = I, (see Figs. 6-33 
and eel because it controls the reactive power of a load, 
0 = VI,. 

Electricity cannot be converted to any other form of 
energy (mechanical, thermal, etc.) unless the circuit current 
has an active component J,, = J, (see Figs. 6-33 and 6-34), 
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as it controls the active power in the load, P = VI,. The 


current in a load, such as an induction motor, can be expres- 
sed (see Eq. (6-23a) and Fig. 6-34), as follows 


h=VP+9P, 


This current, J,, lags behind the applied voltage by an angle 
@, for which tan g, = J,,/T,, and the power factor is 
cos @, = I4,/],. 

The current in a motor can be found, using a well-known 
power equation 


I, = P,/V cos q, = (P,/V) (A/cos 9) 


It follows from the above equation that when P, and V 
are held constant, a decrease in cos gq, will cause J, to 
increase in inverse proportion to cos q,, and the power loss 
in the wires connecting the motor and generator (station) 
will vary in proportion to the current squared (AP = J?r,,), 
that is, in inverse proportion to the power factor squared 


AP = I? = [(P4/V) (A/cos 94) ]? rw 
= (P?/V2) ry (1/cos®'q,) 


This is a second cause why the power factor of a load should 
be maintained at 0.9 to 0.92. 

At no-load, the power factor of a motor is COS Qno-toad 
= 0.1 to 0.3, and at rated load it is cos 9, = 0.8 to 0.85 

The power factor can be improved: 

(1) by increasing load on motors and by maintaining it 
close to the nominal (rated) value;' 

(2) by replacing the underloaded motors by those of 
a lower rating so that they can operate at a load close to 
the rated one; 

(3) by providing a synchronous motor which, when suf- 
ficiently excited, will supply a leading reactive current to 
the circuit, (see Sec. 10-14); 

(4) by connecting a bank of capacitors in parallel with 
the motor. 

If we connect a bank of capacitors in parallel with the 
load, such as an induction motor operating at cos q, (see 
Fig. 6-33), a capacitive current I~ = I, will begin to flow 
in the circuit in quadrature leading with the applied voltage. 
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The current J in the line wires, equal to the sum of J, and 
I,, will be less than J, and make a phase angle 9 < q, 
with the voltage (see Fig. 6-34). In this way the power 
factor of the plant will be improved because all (or part) 
of the reactive current in the motor /,, will be compensated 
for by the capacitor current I, = I,. 

In such a case, an inductive load (motor) will store energy 
in its magnetic field during, say, the first and third quarters 
of a cycle, and give it up during the second and fourth. 
In contrast, the capacitor will give up the stored energy 
during the first and third quarters of a cycle, and accumu- 
late it during the second and fourth. To sum up, the mag- 
netic field of the motor stores all or part of the energy 
supplied by the electric field due to the capacitor, while 
the generator and the transmission line between the genera- 
tor and motor are partly or completely relieved of the energy 
being exchanged. 

When a bank of capacitors is connected to the circuit, 
the total (circuit) current is 


I=VR+F 
and the resultant reactive current of the installation is 
I= Thy 7 Ty. 


The tangent of the phase difference for the motor is 
tan g, = [,/I, 
and the reactive current in the motor is 
IT, =T, tan q, 


The tangent of the phase difference p for the motor-capa- 
citor combination (see Fig. 6-34) is 


tan mo = (J, tang, — I-)/I, 
Hence, 
Ic =I, tan 9, — J, tang = I/, (tan g, — tan 9g) 
= (P/V) (tan 9, — tan 9) 


Since Ic = Val 
then 


VoC = (P/V) (tan 9, — tan g) 
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Using the above equation, it is an easy matter to deter- 
mine the capacitance for a bank of capacitors, required to 
improve the power factor of an installation 


C = (P/wV’) (tan g, — tan @) 


In most cases, the reactive current is compensated for 
incompletely, and one is usually content with having cos 
as high as 0.95. Any further improvement in the power factor 
would require a bigger bank of capacitors, which would be 
unattractive economically. 

Power-factor improvement is a pivotal problem in elec- 
trical engineering. A higher value of cos m means a saving 
in electricity, because this would cut any forms of power 
loss and improve the utilization of the installed capacity 
at the generating and other levels of a power system. 


Example 6-5. Given: A load with a voltage of V = 400 V 
and a power P = 50 kW. The resistance of the wires connect- 
ing load and generator is r = 0.04 ohm. 

To find: The power lost in the wires at cos g, = 0.9 
and cos @, = 0.3. 

Solution. 

Under the specified conditions, the load and wire currents 

are 
I, = Pl(V cos q;) = 50,000/(400 x 0.9) = 1389 A 


I, = PI(V cos 9,) = 50,000/(400 x 0.3) = 417 A 
The power lost in the wires is 
AP, = Fir = 139? x 0.04 = 19,320 x 0.04 = 772 W 
AP, = Iir = 417° x 0.04 = 173,900 x 0.04 = 6956 W 


The same loss of power in per cent of the power in the 
load is 


AP, = 772 x 100 -- 50,000 = 1.54% 
AP, = 6956 x 100 + 50,000 = 13.9% 


Example 6-6. Given: A motor operating on V = 220 V, 
50 Hz, cos m = 0.6, and developing P = 20 kW. 
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To find: The capacitance for the bank of capacitors to be 
installed in parallel with the motor so as to raise cos @ 
to 0.9. 

Solution. 

Using the equation derived earlier, the capacitance of the 
capacitor bank is found to be 


C = (P/V?) (tan mg, — tan @) 
= [20,000/(2 x 3.14 x 50 x 220?)](1.327 — 0.484) 
= 0.00113 F= 1130 pF 


Thus, the bank of capacitors to be connected in parallel 
with the motor must have a capacitance of 1130 uF. 


6-12. Active and Reactive Energy 


The electric energy expended in an a.c. circuit over a time 
t is called active energy. If the power is held constant, the 
active energy is given by 


W, = Pt = VI cos gi (6-43) 


If the power is varying, the active energy is found as 

a sum 
Pit Pal. an a t+ Weaet...= W, 

In the above expression, each term is the energy that the cir- 
cuit receives over a time interval ¢,, ¢,, ¢,, etc., within 
which the power remains unvarying. 

The product of an unvarying reactive power Q and time ¢ 
is called the reactive energy 

W, = Qt = VI sin gi (6-44) 


If the reactive power is varying, the reactive energy is 
found as a sum 


Qiti + Qote +... = n+We+...=W, 


If the active and reactive powers are unvarying, the ratio 


1 1-5 EEE PE VI cos gt 
WwW / Ww? Ww? SS 8 
at Vr V (VI cos gt)? (VI sin gt)? 
VI tcosqg 
SS OE — COS 
VI t cos? p+ sin? 
is the power factor. 
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If the active and reactive powers are varying with time, 
it is usual to measure them over a specified time interval 
by a watthour-meter and a varhour-meter and to determine 
the ratio 


W/V Ww? + W?=COS Dap 


which is called the average power factor of an installation. 
It is an important indicator of technical and economic per- 
formance. 


Example 6-7. Given: Watthour-meter readings 2326 kWh 
and 2476 kWh and varhour-meter readings 1673 kVArh 
and 1773 kVArh for the start and end of a month. 

To find: The average power factor. 

Solution. 

The active energy expended over the month is 


W, = 2476 — 2326 = 150 kWh 
The reactive energy over the same interval is 
W, = 1773 — 1673 = 100 kVArh 
Hence, the average power factor is 
COS Pap = W/V W2 + W? = 150/V 1502 + 1002 
= 0.83 


Chapter Three-Phase 
Seven Networks 


7-1. Three-Phase Systems 


A three (or poly)-phase system is an assemblage of three 
(or more) a.c. networks operating at the same frequency, in 
which the emfs differ in epoch (initial phase) and are gene- 
rated by a common source. 

Three-phase systems have found an extremely wide use be- 
cause they provide for a more economical power transmis- 
sion in comparison with sing- 
le-phase systems. Also, they 
use relatively simple and re- 
liable generators, motors, and 
transformers. 

The credit for the inven- 
tion of athree-phase system, 
a three-phase generator, a 
three-phase motor anda three- 
phase transformer is due to 
M. O. Dolivo-Dobrovolsky of 
Russia. 

The individual circuits of 
a three-phase system are refer- zs 
red to as phases. Together, = M.0O. Dolivo-Dobrovolsky 
they make up :a_ three-phase (1862-1919) 
circuit or network. 

The currents, voltages or emfs existing in the phases 
of a three-phase circuit or network constitute a three-phase 
system of currents, voltages or emfs. 

A simple three-phase generator (Fig. 7-1) is similar in 
construction to a single-phase machine (see Fig. 5-2), except 
that its armature carries three identical windings (phase 
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Fig. 7-1. Elementary three-pha- Fig. 7-2. Waveforms of [sym- 
se generator metrical emfs in a three-phase 
system 


windings or simply phases), the starts and finishes of which 
are respectively designated A, B, C and X, Y, Z. The 
axes of the windings are spaced an equal angle apart. This 
angle is equal to 120° or 2n/3. Accordingly, the emfs induced 
in the windings have the same amplitude but are spaced 
120° or one-third of a cycle apart. Such three emfs form 
a symmetrical system. If the emfs differ in amplitude or 
phase angle, they make up an unsymmetrical system. 

On setting the start of a cycle for the emf in the first 
phase (phase A) as a reference (or datum) point (¢ = 0), 
we can write 


€, = Em sin ot (7-1) 
The emf of the second phase (phase 8B) will then lag behind 
that in the first by a third of a cycle, so 
€, = Em sin (wf — 22/3) (7-2) 
The emf in the third phase (phase C) will then lag behind e, 
by two-thirds of a cycle or lead e, by one third of a cycle, so 
€o = Ey sin (ot — 4n/3) = E,, sin (wt + 2n/3) (7-8) 
Plots and vector diagrams of the phase emfs are shown in 
Figs. 7-2 and 7-3. 


By convention it is assumed that the positive direction 
for the emfs in the windings of a three-phase generator is 
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Fig. 7-3. Vector diagram for Fig. 7-4. Non-interconnected 
symmetrical emfs three-phase system 


from the finishes X, Y and Z towards the starts A, B and C 
of the windings. 

If we connected each winding of a three-phase generator 
to a separate load (Fig. 7-4), we would obtain a non-inter- 
connected six-wire three-phase system. It is uneconomical 
and so it is never used in practice. As a rule, the windings 
of a three-phase generator are connected either into a star 
(or wye, Y), or into a delta (or mesh). With this arrange- 
ment, a three-phase system needs only three or four wires 
instead of six. 

For three-phase networks in the USSR, the standard volta- 
ges are 127 V, 220 V, 380 V, 660 V, and higher. 


7-2. A Generator with Star-Connected Windings 


In the case of a star connection, the finishes X, Y and Z 
of the windings are connected to a common point, called the 
neutral point of a generator (Fig. 7-5). In a four-wire three- 
phase system, the neutral point is connected to a neutral 
wire. The starts of the phase windings are connected to 
three line wires. 

The voltages between the starts and finishes of the phases 
or, which is the same,{the voltages between each line wire and 
the neutral wire are known as the phase voltages; they are 
symbolized V4, Vg and Vg, or, more generally, V,. If 
we neglect the voltage drop across the generator windings, 
the phase voltages may be taken equal to the emfs induced 
in the respective generator windings. 

The voltages between the starts of the windings or, which 
is the same, between the line wires are called the line voli- 
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P 1] 
c 8 
line wire : 
Fig. 7-5. Generator with star- , Fig. 7-6. Vector diagram for 
connected windings , voltages in a three-phase net- 


work 


ages; they are symbolized V,3, Vgc, and Vey, or more 
generally, V;. 

Let us establish the relationship between the line and 
phase voltages for a generator in which the windings are 
star-connected. Because the finish of the first phase X is 
connected to the finish Y, rather than the start of the second 
phase, the instantaneous line voltage between the wires 
A and B will, according to Kirchhoff’s second (voltage) law, 
be equal to the difference of the respective voltages, namely 


VaB — Va — VB 


Similarly, the instantaneous values of the other two line 
voltages will be 


Upc = UB — Uc and Voa — UG— V4 


As is seen, the instantaneous value of a line voltage is equal 
to the algebraic difference of the instantaneous values of the 
respective phase voltages. 

Because v,, Ug and Uc vary sinusoidally and have the 
same frequency, the line voltages v4 3, Ugc and Ug, like- 
wise vary sinusoidally, and their rms values can be deduced 
from the vector diagram of Fig. 7-6 as follows 
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It follows from the foregoing that the vector of a line vol- 
tage is equal to the difference between the vectors of the respec- 
tive phase voltages. 

The phase voltages v4, Ug and Uc have a phase difference 
of 120° between one another. To determine the line-voltage 
vector Vaz, we should subtract vectorially the vector V , 
from the vector V, or, which is the same, add to the latter 
the vector V, taken with a “minus” sign. 

Similarly, the line-voltage vector Vz¢ can be found as 
the difference between the voltage vectors Vz and Vo 
and the line-voltage vector V;, as the difference between 
the vectors Vo and V4. 

If we drop a perpendicular from the terminal point of 
an arbitrarily chosen phase voltage vector, say, V3, on the 


line-voltage vector Vgc, we obtain a right triangle, OHM, 
from which it follows that 


V/2=V, cos 30°=V, (VY 3/2) 


SO 
=V,V3 (7-4) 


Referring to the vector diagram of Fig. 7-6 and Eq. (7-4), 


we can state that the rms value of a line voltage is VY 3 times 
the rms value of phase voltage and that the line voltage Vz, 
leads the phase voltage V4 by 30°. The same leading phase 
difference exists between the line voltage V,¢ and the 
phase voltage Vx, and also between the line voltage Vc, 
and the phase voltage Ve. 

The phase difference between the line voltages is the 
same as it is between the phase voltages, that is, 120°. 
But the star of the line voltage vectors is turned relative to the 
star of the phase voltages through 30° in the positive direction. 

It is to be noted that the above relationships between 
the line and phase voltages apply only to a symmetrical 
system of voltages. 

Because the line-voltage vectors are found as the diffe- 
rence between the vectors of phase voltages, we can connect 
the terminal points of the phase-voltage vectors and form 
a line-voltage vector triangle (Fig. 7-7). 


14-0215 
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Va 


Vea Fig. 7-7. Vector diagram for vol- 
tages ina generator with star- 


connected windings 
Vec 


When the neutral wire is used in operation, the three-wire, 
three-phase system becomes a four-wire, three-phase system. 
An advantage of such an arrangement is that one obtains 
two systems of voltages, namely a system of phase voltages 
when each load is connected between the neutral wire and 
any of the line wires, and a system of line voltages when 
each load is connected between two line wires. 


Example 7-1. Given: A generator with a phase voltage of 
127 V and 220 V. To find: The line voltage. 
Solution. 


Vi=V,V3=127 x 1.73 = 220 V 
or 
Vi=V,p V3= 220 x 1.73 = 380 V 


7-3. A Generator with a Delta-Connected Windings 


When the windings of a three-phase generator are connect- 
ed in a delta (Fig. 7-8), the finish of the first phase, X, 
is connected to the start of the second phase, B, the finish 
of the second phase, Y, to the start of the third phase, C, 
and the finish of the third phase, Z, to the start of the first 
phase, A. The three line wires from the respective loads 
are taken to the phase starts A, B and C. 

From Fig. 7-8 it is seen that in this arrangement the 
phase voltages are the same as the line voltages 


Vas =Va, Vac =Ve, Vea = Ve (7-9) 
The delta-connected windings of a three-phase generator 


form a closed mesh which has a very low resistance. Obvious- 
ly this form of connection may only be used where the emfs 
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Fig. 7-8. Generator with{delta- Fig. 7-9. Vector jdiagram “for 
connected ,windings emfs in a generator with delta- 
connected windings 


existing inf this mesh add up to zero. Otherwise, a conside- 
rable current would be flowing even in the absence of load, 
and the generator would be overheated. 

The sum of the three symmetrical emfs existing in the gene- 
rator windings is zero. This can readily be proved, if we 
add together the emf vectors. Referring to Fig. 7-9, there 
are three emfs. Combining E, and FE, gives a vector equal 


in magnitude but opposite in direction to the vector Eg 
E,+E,=—E¢ 

Hence, the sum of the three emf vectors is zero: 
E,+£,;+£-.=0 (7-6) 


A dangerous situation may arise if the generator windings 
are delta-connected in a wrong way. One of such connections 
is illustrated in Fig. 7-10, where the finish of the first phase, 
X, is correctly connected to the start of the second phase, 
B, but the finish of the second phase, Y, is incorrectly 
connected to the finish, Z, and not to the start, C,of the 
third phase, as it ought to have been done. Because of this, 
the emf E', is subtracted from, rather than added to the sum 
of the other two emfs. The resultant emf can be found from 


the vector diagram of Fig. 7-11, where the vectors E A 
Es and —E, are combined. The sum of these vectors is 
seen to be equal to twice the vector E¢: 


E, eT se a = 208 5 
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Fig. 7-10. Incorrect delta-con- Fig. 7-11. Vector diagram for 

nection of generator windings emfs in the generator with win- 
dings connected as shown in 
Fig. 7-10 


Thus, the emf of the closed mesh is now equal in absolute 
value to twice the phase emf. Recalling that the closed mesh 
(the generator windings) has a low resistance, this connection 
is equivalent to a short circuit. | 


7-4. Star-Connected Loads 


}@)Like the generator windings, loads can be star-connected, 
and the system thus obtained may be either a four-wire type, 
such as in the case of lighting load, or a three-wire type, 
as in power circuits. 

In a four-wire, three-phase system, the lamps are connected 
between the neutral wire and each line conductor (Fig. 7-12) 
and the rated voltage of the lamps must be equal to the 
phase voltage of the supply system (mains). With this arran- 
gement, the loads operate under the same conditions as 
in a single-phase system, because the neutral wire provides 
for the equality between the phase voltages of the generator 
and the respective phase voltages of the loads. 

As is seen from Fig. 7-12, the currents in the line wires 
are equal to the currents in the respective phases of the 
load and generator: 


I, =I, (7-7) 


The phase currents in the load can be found in the same 
way as for a single-phase system, namely 


ia = Viglen. Lis Valea: le =Velzc 
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Fig. 7-12. Star-connected loads with a 
neutral wire 


The phase difference between the currents and the respective 
phase voltages can be determined from their cosines 


COS M4 = a/Z4, COSPzp —Pplzp, COSPo = Pre/zc 
or from their tangents 
tan @, = “y,/r4, tang@z = 2z/rp, tan Qe = Lclro 
By Kirchhoff’s first (current) law, the instantaneous 
current in the neutral wire is given by 
lg =tag tigtic 
The rms current in the neutral wire can be found by com- 
bining the phase currents vectorially, that is, 
Iy=Ig+IgtTe (7-8) 
Example 7-2. Given: Generator phase voltage V, = 125 V, 
load phase impedance z, = 23 = rg =P, = 12.5 ohms, 


Z¢ =Pce = 20 ohms. To find: The phase currents. 


Solution. 
I, =I, = 125 +12.5=10A 


Te = 125 +25 =5A 


A vector diagram of the phase voltages and currents is 
shown in Fig. 7-13. Vectorial combination of the phase cur- 
rents gives the current in the neutral wire to be 


i oie. 
As is seen, it lags behind V, by @» = 60° in phase. 
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Ig 
I,+l,=Te 
lo ie 
Fig. 7-13. Vector diagram fora Fig. 7-14. Symmetrical cur- 
four-wire, three-phase network rents in a three-phase network 


Operating into a resistive load 


The cross-sectional area of the neutral wire may be equal 
to that of the line conductors or be a half or a third as large, 
because it has to carry a smaller current than the line con- 
ductors. 

It is to be stressed once more that, whatever the phase 
load, the neutral wire provides for the equality between the 
phase voltages of the loads. Should the neutral wire be bro- 
ken and the load phases differ in impedance, the phase vol- 
tages at the load will be likewise different, being lower 
where the phases have a lower impedance, and higher where 
the phases have a higher impedance. This is an abnormal con- 
* dition, which is especially dangerous if a break in the neu- 
tral wire is accompanied by a short-circuit in a phase con- 
ductor. Then the voltage in the other phases will rise ) 3 
times, and all the lamps connected in those phases will 
blow. This is why, in order to avoid an open-circuit in the 
neutral wire no fuses or switches are installed in it. 

If load on the three phases is the same (such as in the 
case of a three-phase motor), the phase currents will be equal 
to one another and shifted through the same angle in phase 
relative to the respective phase voltages—this is a symme- 
trical system of phase currents. Now the current in the neu- 
tral wire, equal to the vectorial sum of the phase currents, 
will be zero. Of course, no neutral wire need actually be 
installed. 

Combining the phase current vectors [ a’ jand I , (Fig. 7-414) 
gives a vector equal in magnitude but opposite in direction 
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Fig. 7-15. Star connections for a generator 
and a load 


to the vector I>. Mathematically, it is written 
I, + Ty ae —I¢ 
The sum of the three current vectors is then zero: 
T, = I Bor I c = 0 
Solution of a symmetrical three-phase network reduces to 
solving a single phase. 


If in a star-connected load (Fig. 7-15) the phase impedances 
are all the same, the phase voltage will be 


V, = V/V3 (7-9) 
and the phase current, 
1 22 V giz (7-10) 


The cosine of the phase difference between the phase current 
and voltage is given by 


COS Dp = Ip/Zp (7-11) 
and the sine and tangent of the same phase difference are 
Sin @p = Zp/2p, tan Qp = 2,/rp (7-12) 


The active, reactive and apparent powers per phase are 
given by 


Py, = Vplp C08 Gp, Op = Vplp sin Pp, Sp = VplIp (7-13) 
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In a symmetrical system of voltages and currents, the 
powers in the three phases are given by 


P = 3P, = 3Vplp cos Qp (7-14) 
QO = 30, = 3Vpl> sin Gp (7-15) 
S = 3S, = 3Vplp (7-46) 


If we recall that for a star-connected load, J, = J; and 
V7, = V/V 3, then the active power is 


P=3V,1, cosQ,)= (3/V 3) Viti cos 9, 


=YV 3Viticos 9, (7-17) 
the reactive power is 
Q=V3Visin g, (7-18) 
and the apparent power is 
S=V3Vil (7-19) 


In an unsymmetrical system of voltages or in an unbalan- 
ced system of load phases, the active and reactive powers in 
a three-phase system are the sums of the respective powers 
in the individual phases. 


Example 7-3. Given: A three-phase, star-connected gene- 
rator with a phase voltage of 220 V and a load with a resis- 
tance of 6 ohms and an inductive reactance of 8 ohms. 

To find: The line voltage, the line and phase currents, 
and the active power in the load. 

Solution. 

The line voltage is given by 


Vi=V3V,=1.73 x 220 V=380 V 
The impedance per load phase is 

2,=Vr2+23=V) 62+ 82=10 ohms 
The phase current is 

Ip = V,/2) = 220 +10 = 22 Aj 


In a star-connected load, the phase current is equal to 
the line current, J; = 22 A. 
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The cosine of the phase difference between the phase cur- 
rent and voltage is 
COS Pp = T,/zp = 6 +10 = 0.6 
The active power in a three-phase network is 


P=Y3 Vil, cos p =1.73 x 380 x 22 x 0.6=8.7 kW 


Example 7-4. Given: A star-connected three-phase motor 
connected to a 380-V supply line and taking 10 kW at cos qg= 
= 0.8. To find: The motor current. 

Solution. 

The power in the motor circuit is 


P=V3V,1, cos @ 
so the current in the motor circuit is 


I, = P/V 3 V.cos g = 10,000 ~ (1.73 x 380 x 0.8) =19 A 


7-5. Delta-Connected Loads 


In a delta-connected load (Fig. 7-16), the load phases are 
connected to the line wires of a generator. As a result, each 
load phase is directly connected to the line voltage which 
is at the same time the phase voltage: 


Va = Vas Ve = Vgc: Ve a Vea 


In this case, the phase voltages (in contrast to a star con- 
nection) are independent of the phase impedances in the load. 

The positive direction for the phase currents is assumed 
to be from A’ to B’, from B’ to C’ and from C’ to A’. The 
positive direction for the line currents is assumed to be 
from the generator to the load. 

By Kirchhoff’s first (current) law, the instantaneous 
currents at point A’ are given by 


ta + loa = lap 
Hence, 

ty, = lag — loa 
Similarly, for point B’, 


lp = ipc — lB 
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Fig. 7-16. Loads connected in- 
to a delta 


i 
Ie 


and for point C’, 
tc = lca — lac 
To sum up, the instantaneous line current is equal to the 
algebraic difference of the instantaneous currents in the phases 
connected to the given line wire. 
It follows from the above statement that the line current 


vector is equal to the difference between the respective phase 
current vectors or, mathematically, 


I4=Lanp—TIca, Ip =Ipg¢e—Tas, lc =lLea —I 8c 
(7-20) 
In the diagram of Fig. 7-17, the line current vectors are 
derived as the differences between the respective phase 
current vectors, with all vectors starting out from a com- 
mon origin. Sometimes, to make the representation more 
graphic, the vectors are displaced parallel to themselves so 
that the voltage vectors form a closed triangle (Fig. 7-18). 
In the case of a balanced phase load, namely 


2aB — 2Bc = 2ca = 4p 
and 


Pas = Pac = Pca = Pp 


the rms phase currents are all the same and displaced through 
the same phase angle, that is, 120°, relative to their respec- 
tive voltages (Fig. 7-19). As a result, the phase currents 
form a symmetrical system. If we drop a perpendicular 
from the terminal point of an arbitrarily chosen phase cur- 


rent vector, I AB, onto the line current vector, I a, we Shall 
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Fig. 7-17. Vector diagram for 
delta-connected loads 





Fig. 7-18. Vector diagram for Fig. 7-19. Vector diagram for a 
delta-connected loads delta-connected, balanced-pha- 
se network 


obtain from the right triangle OMA that 


I,/2 = I, cos 30° = I, (V3/2) 
whence 
h=V3l, (7-24) 


which states that a line current is V3 times the respective 
phase current. 

From the same diagram it follows that the line currents 
lag behind the respective phase currents by 30°. 
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Solving a symmetrical, delta-connected three-phase system 
reduces to solving a single phase. 
More specifically, the phase voltage is 


Vp, = Vi 
the phase current is 
Ip = Vp/Zp 
and the line current is 
h=V31, 


The phase difference between the phase current and vol- 
tage in terms of its cosine, sine or tangent is 


COS Pp = Tp/Zp, SIN Pp = Lp/Zp, tan Pp = Ly/Tp 


The active, reactive and apparent powers of single pha- 
se are respectively given by 


P,=V,[,cosQ,; Q,=V,!/,sing,; Sp,=V pl, 


In a symmetrical system of voltages and currents, the 
respective powers in the three phases may be written 


P=3P,=3V,1,cosg,=V3Viuicos@, (7-22) 
Q=YV3Vitisin Pp (7-23) 
S=V3VIi (7-24) 


In the case of an unsymmetrical system of voltages or 
an unbalanced-phase load, the active and reactive powers of 
a three-phase system are the sums of the powers in the indi- 
vidual phases and are given by the same expressions as have 
been derived for star-connected loads. 

Delta connection can be used for both lamps (Fig. 7-20) 
and motors. When using this form of connection, it is essen- 
tial that the lamps should have a rated voltage equal to 
the line voltage of the supply mains. A three-phase motor 
can be delta-connected, if its rated phase voltage is equal 
to the line voltage of the supply mains, or star-connected, 


if its rated phase voltage is 1//3 of the line voltage of 
the supply mains. 
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Fig. 7-20. Connection of lamps into a 
delta 


Example§7-5. Given: A three-phase, delta-connected mo- 
tor operating on 220 V at cos » = 0.8 and dissipating 3 kW. 
To find: The line and phase currents. 

Solution. From Eq. (7-22) it follows that 


I, = P/V 3 Vi cos g = 3000 ~ (1.73 X 220 x 0.8) =10 A 


Hence, the phase current is 
I,=1)/V 3=10-+1.73=6 A 


Example 7-6. Given: A three-phase, delta-connected mo- 
tor operating on 120 V at 25 A and dissipating 3 kW. To 
find: The power factor. 

Solution. 

From Eq. (7-22) it follows that 


cos p = P/V 3 Vil; = 3000 ~ (1.73 x 120 x 25) = 0.58 


Example 7-7. Given: Loadsr,, = 10 ohms, rge = rca= 
=20 ohms connected to a three-phase mains supply (Fig. 7- 50) 
with V; = 120 V. To find: the load voltage in the case of 
a blown fuse in wire B. 

Solution. 

Should the fuse blow, the loads AB and BC will be con- 
nected in series to a line voltage of V; = 120 V. Hence, the 
load current will be 


Tap=lIpc=Vacl(Tantrsc) = 120 + (10 + 20) = 4 A 
The terminal voltages at the loads will be 
Viap=lLasrap=4 x 10 = 40 V 
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Vac=Il1xschac=4X 20=80 V 
Vea =Vi=120 V 


With any connection of loads, the algebraic sum of the 
instantaneous line currents in a three-wire three-phase net- 
work is zero. 

For a star connection with the neutral wire ungrounded, 
on assuming that the positive direction for the line currents 
is from generator to load, we can write by Kirchhoff’s cur- 
rent law 


For a delta connection, the sum of the line currents is 
zero, because 


ig tipgtic=igspg—icatisc—tastica—isc=9 
Naturally, the sum of the line current vectors is zero 
ie ay ge a gee 0 (7-26) 


This is the reason why, for example, the mmf due to the 
three line currents in a three-phase cable is zero, as is the 
magnetic flux in that cable. This enables one to use steel 
armour in order to protect the cable against mechanical 
damage without running any risk of overheating it by rever- 
sal of magnetization, as would be the case if the sum of cur- 
rents were not equal to zero. 


Chapter Electrical Measurements 
Eight and Instruments 


8-1. Basic Definitions 


Measurement is essentially a comparison of any given 
quantity with another quantity of the same kind chosen 
as a Standard or a unit, in order to find its value or magni- 
tude. The value or magnitude thus found can be expressed 
as a dimensional number made up of a numeral and the 
name of the unit used. For example, a current of 15 amperes. 

A standard is a measurement facility intended to embody 
the specified magnitude of a physical quantity. 

A measuring instrument is a facility intended to generate 
a signal to represent the result of measurement in a form 
that the observer can perceive. 

Both standards and measuring instruments (or, simply, 
instruments) may be classed into reference and working. 

Reference standards and instruments are resorted to in 
order to check or verify working measuring facilities. As 
a result of such a check or verification, the magnitude of the 
quantity (or quantities) involved is transferred to the work- 
ing standard or instrument in question with a definite degree 
of accuracy. Reference standards and instruments are esta- 
blished as such by a nation’s metrological authority. 

Working standards, as their name implies, are used for 
practical measurements, that is, where the transfer of the 
size of a unit to other standards or instruments is not invol- 
ved. 

In any measurement, the result somewhat differs from the 
true value of the quantity being measured. By custom, the 
true value of a quantity is that which is found by means of 
a reference standard and instrument. The difference between 
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the true value and that actually measured is called the absolute 
error of measurement. 

The quality of measurement is ordinarily stated in terms 
of the percent-of-indication accuracy or error. It is defined 
as the percent ratio of the absolute error to the true or 
actually measured value of the quantity. 


Example 8-1. Given: The value of current actually mea- 
sured is ling = 26 A; its true value is J = 25 A. To find: 
The absolute and percent-of-indication errors. 

Solution. 

The absolute error in the current measured is 

Al =TJIing—LT=26—259=1A 
The percent-of-indication error is 
vy, = (AIL/T) x 100% = (1/25) x 100% = 4.0% 


= (approx.) (1/26) x 100% = 3.8% 


8-2. Classification of Electrical Measuring 
Instruments 


Electrical measuring instruments may be classed into two 
broad groups as follows: 

(1) Direct-reading instruments which display the numer- 
ical value of the quantity being measured on their dial. 
Examples are an ammeter and a voltmeter. 

(2) Comparison instruments which find the value of the 
unknown through a comparison with a standard. An example 
is a bridge. 

According to the manner in which they display the value 
measured, instruments are divided into analog instruments 
(such as pointer meters) and digital instruments which pre- 
sent a digital readout. 

According to the electrical quantity being measured (cur- 
rent, voltage, power, frequency, phase difference, resistance, 
energy and the like), instruments are classed into ammeters, 
voltmeters, wattmeters, frequency meters, phase meters, 
ohmmeters (or megohmmeters), energy meters, etc. 

For their operation, instruments may depend on various 
principles, as will be clear from reference to Table 8-1. 
The choice of a particular type of instrument depends on 


Table 8-1 


Some of the Instruments and Their Diagram Symbols 


Type 
symbol 


(. 


ko dt Ww kD wD D 


oe ® 


19-0215 





Markings on 


Type name dials 








Accuracy clas- 


Moving-coil ses 


GBOO® 
OO®O 


Moving-coil ratio- 
meter 


Current 





Rectifier-type 


Thermo-emf 
Mounting po- 
sition 
Moving-iron 


dl; 
poe 
Electrodynamic i 


Insulation 
strength 
‘| Electrodynamic 527 
ratiometer 

Terminals 

Ferrodynamic 

* 
Induction 
ale 





Particulars 


Basic percent-of-full- 
scale accuracy: 0.05, 
0.1, 0.2, 0.5, 1.0, 1.5, 
2.5 and 4% 





Three-phase 


Vertical dial position 


Horizontal dial posi- 
tion 
Inclined dial position 


Measuring circuit in- 
sulated from _ case 
and tested fora vol- 
tage of 2 kV 


Generator terminal 
Case terminal 


Grounding terminal 
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Table 8-1 (cont.) 


Type Markings on 


symbol Type name | dials | Particulars 





Example 
= Electrostatic 


ajment, accuracy Class 

o 1.5, for a.c., with a 
[60° dial inclined at 60° 
from the horizontal 


t 78 Moving-iron — instru- 


AV, Vibration 





how closely its performance (or properties) answer the requi- 
rements of measurements and fit the conditions in which 
they are used. 

According to USSR State Standard GOST 1845-59, elec- 
trical measuring instruments are divided into eight accuracy 
classes, and each class is assigned an accuracy rating in the 
form of a dimensionless number, namely 0.05, 0.41, 0.2, 
0.5, 1.0, 1.5, 2.5, and 4. On the dials of the instruments, the 
accuracy rating is shown by the respective number in a circle. 

The accuracy rating defines the limit, expressed as a per- 
centage of full-scale value, that basic errors will not exceed 
when the instrument is used under reference conditions. The 
numerator of the ratio is the absolute error, Ax, and the deno- 
minator of the ratio or, as it is technically called, the base 
value, is the full-scale deflection (f.s.d.) of the instrument, zjsa. 

Hence, the percent-of-full-scale error is 


Visa = (Ax/z45q) X 100% (8-1) 


The term ‘reference conditions’ applies to the use of the 
instrument in a physical position stated on the dial, normal 
ambient temperature (usually, +20°C), and the absence of 
any stray electromagnetic fields (except the terrestrial field). 

The percent-of-indication error in the value of the unknown, 
Ling may be defined as the ratio of the maximum absolute 
error Az of the instrument to the true (or, in approximate 
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terms, to the actually measured) value of the quantity, 
Lind 


Ving = (Az/Zina) X 100% (8-2) 


On replacing Az in Eq. (8-2) by Ax = ‘Yysaxjsq/100% 
from Eq. (8-1), we obtain 


Vind = (Axz/zina) x 100% = (Vssa%¢sa/100% Lind) 
x 100% = Vist ieal Lind (8-3) 


Thus, the percent-of-indication error of measurement is equal 
to the instrument error multiplied by the ratio of the full- 
scale value (instrument range) to the true or measured value of 
the unknown quantity. 

The error in the value of a quantity as measured by a given 
instrument decreases as the value measured approaches the 
full-scale value (range) of the instrument. Hence, in order 
to use an instrument better, it should be employed to mea- 
sure values likely to fall in the second half of the scale. 

The errors of measurement and instruments may be both 
positive and negative. 


Example 8-2. Given: A 1.5-accuracy class ammeter with 
a range (f.s.d. value) of 30 A and an indication of 15 A. 

To find: The percent-of-indication accuracy (or error) of 
the instrument. 

Solution. 

The percent-of-indication error in current measurement 
for this instrument is 


vr = Vyeq (Ljsa/ Tina) = 4.5% (30/15) = +3% 


Electrical measuring instruments are expected to comply 
with a multitude of requirements, the chief among which 
are: 

14. The errors of the instrument ought not to exceed the 
limits set by the relevant standard for the accuracy class 
to which the instrument belongs. 

2. The power lost in the instrument should be as small 
as practicable. 

3. The instrument scale must preferably be uniform. 


15* 
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4. The oscillations arising in the instrument must be 
well damped and the instrument should have a reliable 
insulation. 

o. The instrument should stand up to overloads well. 


8-3. The Movement of an Instrument 


The key part of any direct-indicating instrument is its 
movement. 

More specifically, the movement incorporates those parts 
that move as a direct result of a variation in the quantity 
that the instrument is measuring. The motion of these parts 
is usually converted to the angular deflection of a pointer 
which indicates the value of the unknown. 


(a) The Moving-Coil Movement 


Moving-coil movements may be of two types, one with 
an external and the other with an internal permanent magnet 
(Fig. 8-1). 

Referring to Fig. 8-1, this type of movement contains 
a stationary steel cylinder B, a permanent magnet NS 
with pole-pieces NV’ and S’, an air gap A, and a rectangular 
moving coil C, supported by two pivots which are in turn 
carried in two bearings. The front pivot carries a pointer 
whose tip moves over a scale drawn on a dial (or scale-plate, 
as it is sometimes called). The coil consists of a former and 
a winding wound with fine insulated wire designed for 
a nominal current of 10 to 100 mA. 

The permanent magnet produces a uniform radial mag- 
netic field in the air gap, which interacts with the current 
that is fed to the coil by helical springs. This interaction 
gives rise to a force couple /F (Fig. 8-2) which in turn pro- 
duces a torque. Under the action of this torque, the coil 
(the moving element) turns through an angle a, to a position 
where the torque is balanced by the restoring, or control, 
torque produced by the springs. 

Because the torque is proportional to the current through 
the coil 


T=klI 
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Fig. 8-1. Moving-coil movements with an external 
permanent magnet (2) and with an internal perma- 
nent magnet (bd) 
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Z Yj. YY torque by a moving-coil 
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and the control torque is proportional to the twist angle 
of the springs 
T. = Da 
we may write 
T=T7,= kl = Da (8-4) 


where k and D are proportionality factors. 
It follows from Eq. (8-4) that the angle of deflection of the 


moving element is 
a= kI/D = Su 
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and the coil current is 
I= Da/k=c,a (8-5) 


where S; = a/J is the current sensitivity of the instrument, 
expressed by the number of scale divisions through which 
the pointer deflects in response to a change of one unit in 
the coil current, and cr = D/k = I/a is the current constant 
known for each instrument. 

Thus, the value of the unknown current can be defined 
as the product of the deflection angle (read on the scale) 
and the current constant cy. 

Each variation in the unknown quantity causes the moving 
element to oscillate. It is customary to minimize, or dampen, 
such oscillations. The damping action is provided by a 
damper (often called a dash-pot). 

Moving-coil movements utilize magnetic-induction dam- 
ping. The damper is the coil former. As the coil rotates, the 
magnetic flux linked by the former is varied. The interaction 
of the current induced in the former with the magnetic 
field produces a retarding torque which provides the damping 
action. 

In the case of an alternating current, the torque is pro- 
portional to the instantaneous value of current. At the stan- 
dard frequency, the torque oscillates so rapidly that the 
moving element has time only to turn through an angle 
proportional to the torque averaged over a cycle and, as 
a consequence, to the current averaged over a cycle. How- 
ever, a sinusoidal current averaged over acycle is zero, so the 
moving element does not deflect. Hence, the moving-coil 
movement examined above is only suitable to measure 
direct current. 

If, however, the coil placed between the poles N and S 
of a permanent magnet, / (Fig. 8-3) is made in the form of 
a narrow loop, 2, the latter will have an insignificant inertia, 
and the alternating current flowing through the loop will 
cause its middle part carrying a mirror, 3, to turn through 
an angle proportional to the instantaneous value of current. 
The amplitude of deflection of the light beam reflected from 
the mirror will then give a measure of the current in the 
loop. 
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ne 8-3. Vibrator of a mirror 
galvanometer oscillograph 


This form of instrument, ordinarily referred to as a mir- 
ror galvanometer, is incorporated in mirror-galvanometer 
oscillographs to record or display (for visual observation) 
current variations. 


{b) A Moving-Iron Movement 


A moving-iron movement (Fig. 8-4) has a fixed coil, A, 
a movable iron core, B, mounted on a shaft together with 
a pointer, a spring and an aluminium sector damper, C. 

The unknown current flowing in the coil magnetizes the 
core, and the latter is pulled in. This action causes the 
pointer to deflect and indicate the strength of the current. 

When the moving element rotates, eddy currents are indu- 
ced in the sector damper C located in the magnetic field 
set up by a magnet M. The eddy currents interact with the 
magnetic field of the same magnet and produce a retarding 
torque which supplies the damping action. 

Moving-iron instruments can measure both direct and 
alternating currents, because the core will be pulled inside 
the coil with the current flowing in any direction. 

Because of the residual magnetization of the core, the 
angle of deflection may be different for the same value of 
current on the rising and falling portions of the current 
waveform. This results in a complementary residual-magne- 
tization error. To minimize it, the core is fabricated from 
a material having a low residual induction (such as Per- 
malloy). 

The effect of external stray magnetic fields on a moving- 
iron movement can be minimized in one of several ways, 
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Fig. 8-4. Moving-iron meter movement 


namely: (1) by enclosing the movement in a steel shield or 
enclosure; (2) by using an astatic movement with two cores 
on a common shaft and two coils connected in series. The 
coils energized by the same unknown current set up fields 
acting in opposite directions. In the same manner, an exter- 
nal stray uniform field will buck the field of one coil and 
boost that of the other, with the result that the net effect 
is sufficiently small. 


(c) An Electrodynamic Movement 


An elementary electrodynamic movement (Fig. 8-5) has 
two coils, one fixed, A, and the other movable, B. The 
movable coil, pointer, the vane C of an air dash-pot and 
the ends of two springs are attached to a common shaft. 
The electrodynamic interaction between the currents J, 
and J, flowing in the coils gives rise to a torque (Fig. 8-6). 
This torque causes the moving element to turn through an 
angle a to a position in which it is balanced by the control 
or restoring torque supplied by the springs. 

In a d.c. circuit, the torque and the deflection angle of 
the moving element are proportional to the product of the 
two currents | 


a = kJ, (8-6) 


In an a.c. circuit, the instantaneous torque is proportional 
to the product of the instantaneous currents, and the torque 
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Fig. 8-5. Electrodynamic me- Fig. 8-6. Generation of torque 
ter movement by anelectrodynamic meter mo- 
vement 


and deflection angle averaged over a cycle are dependent 
not only on the instantaneous currents, but also on the cosine 
of the phase difference between them 

a = k,I,I, cos (8-7) 
The deflection angle gives a measure of the unknown quan- 
tity. 

The weak magnetic field established in the moving ele- 
ment produces a correspondingly weak torque, so, in order 
to retain the high accuracy inherent in this type of move- 
ment, it is important to minimize the errors arising from 
friction in the bearings. This is achieved by reducing the 
mass of the moving element and by giving a high surface 
finish to the pivots and bearings. 

The effect of stray external magnetic fields is minimized 
by shielding or by the use of an astatic movement. Electro- 
dynamic movements are sensitive to overloading. 


(dj A Ferrodynamic Movement 


A ferrodynamic movement (Fig. 8-7) has a magnetic 
circuit, A, and a fixed cylindrical core, B, fabricated from 
electrical-sheet steel laminations. The current in a coil, C, 
establishes a magnetic flux which interacts with the current 
in a moving coil, D, mounted on the same shaft, or pivot, 
with a pointer. Thus, a ferrodynamic instrument operates 
by the same principle as an electrodynamic instrument. 
Accordingly, Eqs. (8-6) and (8-7) remain in force. 
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Fig. 8-7. Ferrodynamic meter 
movement 


The presence of steel augments the magnetic flux and the 
torque, so a more robust construction is achieved. Stray 
extraneous magnetic fields have practically no effect on 
indications of ferrodynamic instruments. 


8-4. Measurement of Current and Voltage 


Indications of an ammeter depend on the current I, 
passing through the instrument, so in order to measure 
the current in any load, J,, the ammeter is connected in 
series with the load so that J, = TJ, (Fig. 8-8). 

The presence of an ammeter in the circuit ought not to 
affect the current being measured, so its resistance must be 
small in comparison with that of the load. The small resis- 
tance of the ammeter, r,, entails a low nominal power dissi- 
pation in it: 

Pan = Tanta 


If the direct current to be measured exceeds the range 
(full-scale value) of an ammeter, one uses a shunt (see Sec. 
8-4a). In the case of an alternating current, resort is made 
to instrument current transformers (see Sec. 9-11). 

A voltmeter measures the voltage applied across its ter- 
minals, Vy, so in order to measure the voltage across any 
load, V,, the terminals of the voltmeter must be connected 
to those of the load as shown in Fig. 8-9. Then Vy = V,. 

Indications of a voltmeter depend on its current Jy. If 
they are to depend uniquely on the voltage Vy, the volt- 
meter resistance must be constant, because it is only then 
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Ty 
Load V tr 
OS 
In=z 
Fig. 8-8. Connection of an am- Fig. 8-9. Connection of a volt- 
meter in circuit meter in circuit 


that Vy =T[yry = [yrcons:- Similarly, for the nominal va- 
lues, 
Vun=Lvarv 


that is, the voltmeter resistance is proportional to the volt- 
meter range (full-scale value). 

The presence of a voltmeter in the circuit ought not to 
affect the unknown voltage, so the resistance of the volt- 
meter must be high in comparison with the load resistance 
with which it isconnected in parallel. If the voltmeter resis- 
tance ry is high, the nominal current of the voltmeter 
will be low, and so will its nominal power loss, because 


Ivn =Vy,,/rvy 


and 
Pyn sa Vunlvn as Vin/Tv 


The voltmeter resistance can be held at a practically con- 
stant value and independent of temperature variations by 
placing a high-value, manganin resistor, r,, in series with 
the voltmeter (hence, the name ‘series resistor’). Since the 
value of r, remains practically unchanged, we may write 


'm + lrs =lry = constant 


{a} Moving-Coil Ammefers and Voltmefers 


Moving-coil instruments for small currents — galvano- 
meters, microammeters and milliammeters — have their 
coil connected to the terminals and their scale calibrated in 
the respective units of current. 

A moving-coil ammeter (see Fig. 8-1) has its movement 
connected in parallel with a resistor, called a shunt (Fig. 8-10), 
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Fig. 8-10. Meter movement and Fig. 8-11. Meter movement and 
a shunt a series resistor 


whose purpose is to extend the range of the instrument, that 
is, to raise its nominal current. 

The unknown current J is divided into the shunt current 
I,, and the movement current /,,. The voltage across this 
parallel circuit V,, (see Fig. 8-10) is given by 


r'ml sh 
IT r anf a 
vere 'm+Tsh 


Hence, the unknown current is 


T =I, mth = 1p (8-8) 
lsh 

If the movement and shunt resistances, r,, and rz), are 
held constant, there will be an unvarying relation between 
the currents / and Im, so the deflection angle of the point- 
er can give a measure of the unknown current J. 

Use is made of built-in shunts which are enclosed in the 
instrument, and external shunts placed outside the instru- 
ment. 

A moving-coil voltmeter has its movement (see Fig. 8-1) 
connected to a series resistor (Fig. 8-11) whose purpose is to 
hold the voltmeter resistance constant and, also, to extend 
its range*. The scale of a voltmeter is calibrated in units 
of voltage 


Vy = Im (Tm + Ts) 


The ratio of the voltage across the terminals of a voltmeter, 
Vy, to that across the terminals of its movement, V,, = 


* Because of its second function, the series resistor of a voltmeter 
is often called a multiplier resistor.— Translator’s note. 
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= I,m, iS constant 
| a Vy/Vim = (Tm + rs)/T'm (8-9) 

Working voltmeters use single-range series resistors; refe- 
rence and laboratory voltmeters use multirange series resis- 
tors so that any one of several ranges can be selected by 
bringing in circuit a particular part of the resistor. 

In a.c. circuits, in addition to series resistors, the range 
of a voltmeter can be extended by using an instrument vol- 
tage transformer (see Sec. 9-11). 

Moving-coil instruments are fabricated in accuracy clas- 
ses 0.4 through 2.5. 

Of the properties of these instruments the following may 
be noted. They can be used in d.c. circuits, have high sen- 
sitivity, are insensitive to temperature variations and exter- 
nal magnetic fields, have a uniform scale, dissipate little 
power, but are sensitive to overloading. 


(b) Rectifier-Type Ammeters and Voltmefers 


A rectifier-type ammeter consists of a moving-coil move- 
ment (see Fig. 8-1) and a semiconductor rectifier (which 
is an a.c.-to-d.c. converter). A rectifier-type voltmeter 
additionally has a series resistor. 

In an elementary case, a rectifier-type ammeter (Fig. 8-12) 
consists of a movement connected in series with a crystal 
diode (see Sec. 16-3) so that only one half-cycle of alternat- 
ing current passes through its movement during each cycle. 
The other half-cycle of current passes through a second 
diode connected in reverse direction. The torque averaged 
over a cycle and the deflection of the moving element depend 
on the average current through the movement, which in the 
case of a sinusoidal waveform is proportional to the rms 
value of current. It is the rms values that are marked on the 
scale of an ammeter. The range can be extended through 
the use of shunts. 


Fig. 8-12. Circuit of a simple 
rectifier-type ammeter 
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In a voltmeter, because its resistance is held constant, the 
rms current is proportional to the rms value of its terminal 
voltage, and it is the latter voltage that is indicated on the 
scale of the instrument. 

Rectifier-type instruments are intended for use in a.c. 
circuits at frequencies up to 10 kHz. Their accuracy class 
is 1.5 to 2.5. 


(c}) Thermo-EMF Ammeters and Voltmeters 


A thermo-emf ammeter consists of a moving-coil move- 
ment and a thermocouple transducer which may be either of 
the contact type (Fig. 8-13a) or of the insulated type 
(Fig. 8-135). A thermo-emf voltmeter additionally has a series 
resistor. 

The subdivision into the contact type and the insulated 
type refers to the manner in which the thermocouple, 7, 
is connected to its heater, H (see Fig. 8-13). In the former 
type, the ends of the couple are welded directly to the heater. 
In the latter type, the thermocouple is held close to, but 
not touching, the heater. The thermocouple is formed by 
two wires of dissimilar metals, the hot ends of which are 
welded together and the cold ends are connected to the 
instrument movement. 

On traversing the heater, the unknown current raises its 
temperature, and the hot ends of the thermocouple are heated. 
As a result, a thermo-emf appears at the cold ends of the 
thermocouple, and a current begins to flow in the coil of the 
movement, thereby causing the coil to turn through an angle 
proportional to the unknown current. The scale of an amme- 
ter is calibrated in units of current, and that of a voltmeter 


u 
f 


H 


Fig. 8-13. Thermo-emf amme- 
ters 


(a) 
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in units of rms voltage which is proportional to the rms 
current owing to the constancy of the voltmeter resistance. 

Thermo-emf instruments are intended for use in a.c. cir- 
cuits at frequencies up to 50 MHz. They come in accuracy 
classes 1.5 through 2.5. 


{d} Moving-lron Ammefters and Voltmeters 


A moving-iron ammeter is a moving-iron movement (see 
Fig. 8-4) with a scale calibrated in values of current flow- 
ing in its coil. The coil of a moving-coil ammeter is wound 
with a wire whose cross-sectional area corresponds to the 
nominal current. 

A moving-iron voltincter consists of a movement (see 
Fig. 8-4) for a nominal current of 20 to 30 mA, a series man- 
ganin resistor, and a scale calibrated in units of voltage. 

Because the resistance of a series resistor is many times 
the reactive impedance of the coil of the movement, the volt- 
meter has a practically resistive impedance, independent 
of temperature and frequency. 

The deflection of the moving element depends on the cur- 
rent in the coil and the terminal voltage proportional to that 
current. 

Moving-iron instruments are intended for use in a.c. cir- 
cuit at power (commercial) frequency. They are available 
in accuracy classes 0.5 through 2.5. They are widely used 
for engineering measurements owing to their low cost, simpli- 
city and reliability. 


(e} Electrodynamic and Ferrodynamic Ammeters 
and Voltmeters 


An electrodynamic ammeter consists of an electrodynamic 
movement (see Fig. 8-5) in which the coils are connected in 
parallel and the scale is calibrated in the values of current 
passing through the ammeter. 

To reduce the friction error, the movable coil of the move- 
ment is made light in weight and wound with fine wire. 
The fixed coil is wound with a wire whose cross-section de- 
pends on the nominal current of the ammeter. In milliam- 
meters, the coils are connected in series (see Fig. 8-14a). 
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Fig. 8-14. Connections of the coils in an electrodynamic milliammeter, 
ammeter and voltmeter 


When the coils are connected in series, they carry the 
unknown current J, = J, = J, and the deflection of the 
moving element is proportional to the square of the current 


a=kh, II. COs WV = kel, (8-10) 


When the coils of the ammeter are connected in parallel, 
the deflection angle is proportional to the square of the 
current, as defined by Eq. (8-10), if the resistances of the 
series resistors, r,; and r,., in the branches are chosen such 
that the branch currents J, and J, are in phase with each 
other ( = OQ), and each is proportional to the unknown cur- 
rent, I. 

An electrodynamic voltmeter consists of an electrodynamic 
movement (see Fig. 8-5) in which the coils (for a nominal 
current of 20 to 50 mA) are connected to a series resistor 
(Fig. 8-14c) whose functions are to extend the range of the 
instrument and to minimize the effect of temperature va- 
riations, type of current and frequency on voltmeter read- 
ings. 

Electrodynamic instruments are manufactured in accu- 
racy Classes from 0.1 to 0.5 for use in d.c. and a.c. circuits 
at power and elevated frequencies (up to 2 kHz). They are 
sensitive to overloading and stray magnetic fields. To mini- 
mize the effect of stray magnetic fields, resort is made to 
shields and astatic movements. 

Ferrodynamic ammeters and voltmeters are mainly used 
in a.c. circuits as component parts of recorders. Their cir- 
cuits are arranged in the same manner as those of electro- 
dynamic instruments. They produce an increased torque and 
are robust and reliable in construction, and insensitive to 
stray magnetic fields. They come in accuracy classes 1.5 to 
2.0. 
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(t) Digital Instruments 


A digital instrument is a measuring device which converts 
a continuous (analog) quantity to a digital quantity and 
displays it on a readout device as a number with three or 
four significant digits. 

Digital instruments may be classed into two general 
groups, electromechanical in which the analog-to-digital con- 
version is performed by some electromechanical device, and 
electronic where this conversion is done by pulse circuits. 

Of the instruments in the first group, use is most often 
made of voltmeters and ohmmeter. The most commonly 
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Fig. 8-15. External appearance of the Soviet- 
made type 11[1411 digital voltmeter 


used instruments in the second group are voltmeters, fre- 
quency meters and phase meters. 

Most often, a digital voltmeter measures the unknown 
voltage by comparing it with a standard, that is by the 
null-balance (or, simply, null) method. 

When it is applied to the input terminals of a digital 
instrument, the unknown analog quantity is automatically 
digitized by a suitable electronic circuit. After the conver- 
sion, lamps are turned on in the digital readout unit (see 
Fig. 15-13) to display the numerical value of the unknown 
quantity (Fig. 8-15). 

Digital voltmeters are manufactured for ranges from 
100 nV to 1 kV. The time per measurement does not exceed 


16—0215 
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4 s for electromechanical instruments and a few milliseconds 
for electronic ones. 

When digital instruments having a high accuracy (their 
error is as small as 0.01 to 0.1%) are used in conjunction 
with printers, one can readily automatize the process of 
measurement and data presentation. In combination with 
computers, digital instruments are used for automatic pro- 
cess monitoring and control. 

Among the disadvantages of digital instruments are com- 
plex design and high cost. 


8-5. Power Measurements 


Once we have measured the voltage across and the current 
in a d.c. circuit, V and J, respectively, we can readily find 
the power in that circuit by the equation 


P=VI (8-41) 


This power can alternatively be measured by an electrody- 
namic wattmeter. 

An electrodynamic wattmeter consists of an electrodyna- 
mic movement and a scale calibrated in units of power. The 
fixed coil in a wattmeter is called a current or series coil, be- 
cause it is connected in series with the load (Figs. 8-16 
and 8-17)*. 

The movable coil of a wattmeter and a nonreactive manga- 
nin series resistor, 7;, make up the voltage or shunt circuit of 
the instrument, because it is connected in parallel with the 
load (Fig. 8-17) in which the power is being measured. 

The deflection of the moving element in an electrodynamic 
wattmeter is proportional to the product of the currents in 
its coils, given by Eq. (8-6): 

a=Ak,lly 


Since the resistance of the shunt circuit is constant, its cur- 
rent varies in proportion to the voltage, Jy = V/ry, and 
the deflection of moving element is proportional to the power 
a=hIly =k, (1/ry) IV =khIV =k.P (8-12) 

* In Fig. 8-17 and elsewhere, the symbol for a wattmeter has two 


circles. The inner circle designates the movement connecting the two 
coils, and the outer circle represents the case. 
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Fig. 8-16. Movement of an Fig. 8-17. Connection of the 
electrodynamic wattmeter movement in an electrodynamic 
wattmeter 


The active power in a.c. circuits, P = VJ cos gq, is mea- 
sured by electrodynamic and ferrodynamic wattmeters. In 
this case, the deflection of the moving element, given by 
Eq. (8-7), is 

a=k,IIy cosh 


Because the current in the shunt circuit, Jy = V/ry, varies 
in proportion to, and is in phase with, the unknown voltage 
(Fig. 8-18), the phase difference between the currents in the 
coils of the instrument is equal to the phase difference 
between the current J and the voltage V, so the deflection 
of the moving element in a wattmeter is proportional to 
the active power in the circuit 


a=khIIycosp=k, (1/ry) IV cosg=k,IV cosp=k,P (8-13) 


The series-coil terminal connected to the supply source 
is called a generator terminal; the shunt-circuit terminal 
connected to the series coil is also called a generator termi- 
nal. The generator terminals are marked on the wattmeter 
by asterisks. 

In setting up a circuit, the operator must never inter- 
change the series-coil and shunt-circuit terminals, as this 
would reverse the direction of current flow or phase rever- 
sal of the respective current; as a result, the moving element 
of the wattmeter would be forced to rotate in the reverse 
direction. é 


16* 
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V Fig. 8-18. Vector diagram 
for an_ electrodynamic 
re wattmeter 





Fig. 8-19. Connection of the move- 
ments in three wattmeters to measure 
power in a four-wire, three-phase net- 
work 


If the voltage in an a.c. circuit is over 220 V and the cur- 
rent exceeds 5 A, a wattmeter will usually be connected 
to such a circuit via instrument transformers (see Sec. 9-11). 

The active power in a four-wire three-phase network is 


P=P,+P3t+Pce=I1,4V4 Cos Gy 
+IpVp, COs OptlWVe COS Qc (8-14) 


It is measured by three wattmeters connected as shown in 
Fig. 8-19; in this arrangement each wattmeter measures the 
power in one phase. It is advantageous to use a three-unit 
wattmeter, that is, one made up of three fixed coils and 
three movable coils driving a common shaft carrying a poin- 
ter. The power in a three-phase network can then be read 
directly from the dial of the instrument. 

The power of a symmetrical three-phase network can be 
found by measuring the power in one phase by a wattmeter 
(see Figs. 8-20 and 8-21), Py, = P,, and multiplying it by 
three: 

P = 3Py = 3P,y 
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% 
W 
= * 
Ww 
Fig. 8-20. Connection of the Fig. 8-21. Connection of the 
movement in wattmeter to mea- movement ina wattmeter to mea- 
sure the power of a motor with sure the power of a_ delta-con- 
the neutral point available for nected motor 
connection 


The power in a three-wire, three-phase network in the 
case of balanced and unbalanced load is measured by a two- 
unit wattmeter. 

A two-unit electrodynamic or ferrodynamic wattmeter has 
two fixed coils and two movable coils mounted on a common 
shaft carrying a pointer (Fig. 8-22). 

The instantaneous power in a three-phase network is the 
sum of the instantaneous powers in the three phases 


P=PatPat Pc =igva tigvy + icvc (8-15) 
On replacing the current ic by its expression from Eq. (7-25), 
ig = —i, —iz (8-16) 
we obtain 
P=tgv,4 +l gvg—tavc— pve 
= 1, (V4 — Vc) + VB (Vg—Ve) 
=Vavac + lg’ gc = Pit Pe (3-17) 


It follows from Eq. (8-17) that the instantaneous power 
in a network is the sum of two components, p, and pz. 

Let a two-unit wattmeter be connected in circuit (Fig. 8-23) 
in accordance with Eq. (8-17). The series coil of the first 
unit is interposed in wire A (it will carry the current i,), 
and the series coil of the second unit is interposed in wire B 


246. Part One. Electricity 


Fig. 8-22. Sketch of a 
two-unit wattmeter 





Fig. 8-23. Connection of the movement ina 
two-unit wattmeter to measure the power in 
a three-wire, three-phase network 


(it will carry the current i,). The shunt circuit of the first 
unit is connected to the wires A and C (to carry the voltage 
Vac), and that of the second to the wires B and C (to carry 
the voltage v;c). With this arrangement, the instantaneous 
torque acting on the moving element is proportional to the 
instantaneous power in the circuit, and the deflection of 
the moving element, proportional to the average torque, will 
also be proportional to the average or active power in the 
three-phase network: 

P=T1,V4cCosQ4-actT pV gc COS OB_Bc (8-18) 
where @4-ac and @g-g¢ are the phase difference between 
IT, and Vac, and between J, and V g¢, respectively. 

The above arrangement holds for any load connection, be 
it a star or a delta, so any delta connection may be replaced 
by an equivalent star connection. 

Instead of the wires A and B, the series coils of a watt- 
meter may be connected to any two wires of a three-phase 
network. The generator terminal of each shunt circuit in 


Ch. 8. Electrical Measurements and Instruments 247 


the wattmeter must be connected to the line wire containing 
the series coil of the respective wattmeter unit. The non- 
generator terminals of the shunt circuits must be connected 
to the line wire not containing the series coils of the watt- 
meter. 

A two-unit wattmeter may be replaced by two single- 
phase wattmeters connected in the same manner (Fig. 8-23). 
The active power in a three-phase network will then be given 
by the algebraic sum of their indications. If one of the watt- 
meters deflects in the reverse direction, the wires connected 
to the terminals of the shunt circuit in that wattmeter must 
be interchanged and its indication must be taken with a 
minus sign. 


8-6. Energy Measurement 


The electric energy dissipated in single- and three-phase 
networks is measured by induction meters. In d.c. circuits, 
use is made of electrodynamic, ferrodynamic and other me- 
ters. 

An electric meter is a totalizing instrument. Its major 
distinction from a pointer instrument is that the deflection 
of its moving element not restrained by a spring is cumula- 
tive, and meter indications are added together, or totalized. 
Each revolution of the moving element corresponds to a pre- 
cise quantity of energy expended. 

An induction meter (Fig. 8-24) consists of an aluminium 
disc mounted on a shaft, two electromagnets (a series mag- 
net, A, and a shunt magnet, B), a control or restoring mag- 
net, M, and a counter driven by a gear, C. 

When the electromagnets are energized, they establish 
two magnetic fluxes which link the disc and induce in it 
eddy currents, [, and Jy. The interaction of J, with the 
magnetic flux Mz, and of J, with M, gives rise to a torque 
I proportional to the power in the load 


T =k,P (8-49) 


This torque drives the disc of the meter. 

As the disc rotates in the field of the control or restoring 
magnet, eddy currents are induced in the disc (Fig. 8-24). 
The interaction of these currents with the field of the same 
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Fig. 8-24. Design and connection of an induc- 
tion meter 


magnet gives rise to a control torque proportional to the 
rotational speed of the disc, n, namely 


f2= hon (8-20) 
So long as the disc is rotating at a constant speed, its drive 
and control torques are equal 

/ ae 
or 

k,P = k,n 
Hence, the power in the load is 

P = (k,/k,) n = kn 


Thus, the rotational speed of the disc is proportional to 
power. 

If, in a time f, a network has expended an amount of 
energy W = Pt, the disc will have completed N revolutions 
in that time, so 


W = Pt = knt = kN (8-21) 


Hence, the number of revolutions registered by the counter 
is proportional to the energy expended. 
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Fig. 8-25. Design and con- Fig. 8-26. Connection of the 
nection of a two-unit, single- SR4-ITR var-hour meter in cir- 
disc meter cuit 


The quantity of energy expended by a network during 
one revolution of the disc 


W/N =k (8-22) 


is calleb the constant of the meter. 

The energy expended in a network is registered by the 
counter. To determine the quantity of energy expended over 
a particular time interval, the indication of the meter at the 
end of that interval must be subtracted from the indication 
at the beginning of the same interval. 

Active-energy meters in the Soviet Union come in accu- 
racy classes 1, 2 and 2.5, and reactive-energy meters in 
accuracy Classes 2 and 3. 

In three-phase, four-wire networks, energy is measured 
by three-unit meters. It has three electromagnetic systems 
similar to that of a single-phase meter, each driving a sepa- 
rate disc mounted on a common shaft with a gear that actu- 
ates the counter. Such a meter is connected in circuit simi- 
larly to a three-unit wattmeter (see Fig. 8-19). 

In three-wire three-phase networks, energy is measured 
by a two-unit two-disc or single-disc meters (Fig. 8-25) or 
a pair of single-phase meters. 

Reactive energy in three-phase networks is measured by 
var-hour meters, such as the Soviet-made type SR4-ITR 
(Fig. 8-26). 
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The SR4-ITR is a two-unit induction meter with two coils 
on each of the series electromagnets. In their cores, the coils 
set up magnetic fluxes which, together with the fluxes of 
the shunt electromagnets, produce torques proportional to 
the reactive power. The counter registers the reactive energy 
directly. 

The range of wattmeters and meters can be extended by 
means of instrument transformers (see Sec. 9-11). 


8-7. Resistance Measurement 
(a) A Resistance Bridge 


The standard ordinarily used to measure resistances is 
a precision resistor. An assembly of precision resistors con- 
nected in a particular manner and enclosed in a common case 
is. called a resistance box (Fig. 8-27). 

Resistance boxes are of the plug type and the dial type. 
In the former, the resistors are switched in and out by posi- 
tioning plugs in respective holes. In the latter, this is done 
by means of a dial switch. 

An assembly of five precision resistors, each resistor ha- 
ving 10 times the value of the preceding resistor, is called 
a five-section decade box (Fig. 8-27). This box can be set 
to any desired value from 0 to 9 ohms in steps of 1 ohm, 
Similar decade boxes are made for resistances of 0.9, 9, 90, 
900, 9000 and more ohms. 

A resistance bridge (Fig. 8-28) has three arms in the form 
of resistance boxes r,, r, and r which, together with unknown 
resistance r,, form a closed mesh ADBC. The junctions C 
and D are connected to a power source, and the junctions A 
and B to a galvanometer. 

The resistances of r,, r, and r are adjusted until the gal- 
vanometer shows a zero deflection. This is an indication that 
the bridge is at balance, the potentials at points A and B 
are identical and, as a consequence, 


Vea=Vcp and Vap=Vegp 
or 
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Fig. 8-27. Dial-type five-decade Fig. 8-28. Resistance bridge 
resistance box 


Dividing one equality by the other termwise gives 
Lr iors = trier 
Hence, 
Ie = IT;!To (8-23) 


As is seen, the unknown resistance is given by Eq. (8-23). 

When low-value resistances are measured, an appreciable 
error is introduced by the resistance of the connecting wires 
(or flyleads, as they are often called). In such cases, resort is 
made to the more elaborate double bridges. 

If we hold the resistances in three arms of the bridge and 
the supply voltage at a constant value, indications of the 
galvanometer will depend only on the value of r,. According- 
ly, the galvanometer scale can be calibrated directly in units 
of the unknown resistance or in units of the quantity con- 
trolling it, say, temperature. Such bridges are called unba- 
lanced. 


{b) Measurement of Resistance by the Ammeter-Voltmeter Method 


The quotient of indications on a voltmeter placed across 
the unknown resistor, by indications of an ammeter placed 
in series with that resistor gives its resistance 


= V/I 


To maintain the es current in the resistor, a rheostat 
is | usually connected in series with it. 
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{c) Ohmmeters 


Instruments which measure resistances directly are called 
ohmmeters or megohmmeters, depending on the value of the 
resistance being measured. 

Ohmmeters are divided into two groups, namely ohmme- 
ters whose indications depend on the supply voltage, and 
those independent of the supply voltage. Instruments in 
either group can have two types of measuring circuit, name- 
ly a series one and a parallel one. 

Ohmmeters in the first group, using a series measuring 
circuit (Fig. 8-29) are essentially a moving-coil meter move- 
ment with a series resistor, r,, to which is connected the 
unknown resistor, rz. The ohmmeter has a supply source of 
its own—a dry-cell battery. 

When the button of the switch Sw is open, the current in 
the movement is 


T=cya = Vi(ry + rm + rs) (8-24) 


where c; is the current constant of the movement. 

It follows from Eq. (8-24) that the deflection of the mo- 
ving element is 
1 
Gacy) rx+lm+Ts 
The sum r,, + r, remains constant. So, if the ratio V/c, also 
remains constant, the deflection angle a will only depend 
on the unknown resistance r,, and the scale of the ohmmeter 
may then be calibrated directly in units of resistance. 

To maintain the ratio V/c, constant despite variations in 
the supply voltage, it is necessary to adjust c,;, which is 
done by varying the magnetic induction in the air gap of 
the movement by means of a magnetic shunt. A magnetic 
shunt is an iron bar which is caused to approach or recede 


Fig. 8-29. Series-circuit ohmme- 
ter whose indications depend on 
supply voltage 
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x Fig. 8-30. Parallel-circuit ohm- 
meter whose indications depend 
on supply voltage 





V ‘m rs 
Fig. 8-31. Movement of a ra- Fig. 8-32. Circuit of a_ ratio- 
tiometer meter-type ohmmeter . 


from the pole-pieces N’ and S’ of the movement by a screw 
(see Fig. 8-1). 

After the dry-cell battery and the unknown resistor r, 
have been switched in circuit, c,; is adjusted by pressing the 
button of the switch Sw and varying the position of the 
magnetic shunt until the ohmmeter reads zero. Then the button 
is released, and the sought value is read off the scale. 

Figure 8-30 shows the same ohmmeter using a parallel 
measuring circuit in which the unknown resistance r, is 
connected in parallel with the movement. It can be shown 
that if r,, r, and V/c,; are held constant, the deflection of 
the moving element will uniquely depend on the unknown 
resistance. 

Ohmmeters in the second group are essentially a moving- 
coil meter movement with two coils on a common shaft 
(Fig. 8-31). Current is conveyed to the coils by ribbon con- 
ductors (ligaments) which do not develop any opposing 
torque. 

The currents in the coils flow in opposite directions, so 
their interaction with the field of the magnet produces two 
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torques acting likewise in opposite directions. The diffe- 
rence between the two torques causes the moving element to 
turn through an angle at which the two torques cancel out. 
The deflection of the moving element is decided by the 
ratio of the currents in the coils, that is, - 


a =f (1,/T,) 


Instruments in which the deflection of the moving element 
is a function of the current ratio are called ratiometers. 

One parallel path of a ratiometer-type ohmmeter (Fig. 
8-32) is made up of a coil and the unknown resistance r,,; 
the other parallel path contains the other coil and the series 
resistor r,. Recalling that the currents in parallel paths are 
distributed in inverse proportion to their resistances, we 
may write 


a =f (14/1) = f (r2/r) 


Since r, is constant, the deflection angle is solely dependent 
on the unknown resistance. 

The supply source is usually a generator whose armature is 
rotated in a permanent-magnet field. The generator is built 
into the ohmmeter case and cranked by hand. 


(d) Measurement of Insulation Resistance 


The insulation of electrical installations deteriorates fairly 
easily, so it is essential to check the insulation resistance at 
regular intervals. 

According to the codes for operation of electrical installa- 
tions in force in the Soviet Union: 

(a) the insulation resistance of lighting and power cir- 
cuits must be tested with a megohmmeter for a test voltage 
of 1000 V; 

(b) the minimum insulation resistance is 0.5 megohm; 

(c) for an insulation test, all fuses are removed (or the 
respective circuit breakers, cutouts or relays are de-energi- 
zed), and the insulation resistance is measured between adja- 
cent fuses or past the last fuse (or any other protective de- 
vice), between any wire and ground, and also between any 
two wires. 
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Fig. 8-33. Set-up to measure Fig, 8-34. Set-up to measure 
the insulation resistance of a the insulation resistance be- 
wire to ground tween wires . 


When measuring the insulation resistance of a network in 
the de-energized condition, one terminal of a megohmmeter, 
labelled ZL, is connected to the tested wire, and the other 
terminal marked G (for ground) is connected to ground 
(Fig. 8-33). The megohmmeter is then cranked at its nomi- 
nal rpm, and the insulation resistance is read off the scale. 

Then the Z-terminal of the megohmmeter is connected to 
the second wire, and its insulation resistance relative to 
ground is determined as already explained. To measure the 
insulation resistance between two wires, the L- and G-ter- 
minals are connected each to one of the wires (Fig. 8-34). 
This procedure also applies to measuring the insulation 
resistance of electrical machines and apparatus. 


8-8. Measurement of Nonelectrical Quantities 
by Electrical Methods 


A wide range of techniques has been developed and has 
come to be used for the measurement of nonelectrical quan- 
tities by electrical means. This has been so, because nonelec- 
trical quantities can then be measured, from a distance, to 
a high level of accuracy and sensitivity, and, what is more 
important, continuously. 

In most cases, the measurement of a nonelectrical quantily 
reduces to converting it into an electrical quantity which 
depends on the measurand in a univalued manner. Then, 
the resultant electrical quantity is measured and the origi- 
nal nonelectrical quantity is recovered from an appropriate 
relationship. 
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The conversion of the unknown nonelectrical quantity to 
an electrical one is done by devices called transducers*. 

All transducers may be divided into two general classes, 
namely modulating and self-generating transducers. In the 
former, nonelectrical quantities are converted to variations 
in circuit parameters, such as R, L and/or C. In the latter, 
the conversion generates an emf. 

The most commonly used modulating transducers are: 

(1) Potentiometric transducers. These are variable-resis- 
tance transducers which depend for their operation on varia- 
tions in the resistance of a potentiometer (or rheostat) whose 
wiper is caused to move by variations in the nonelectrical 
quantity being converted (which may be the level of a li- 
quid, the linear displacement of a part, etc.). 

(2) Strain-gauge transducers. These, too, are variable- 
resistance transducers. But in them, the resistance of a 
wire or semiconductor is caused to vary by strains (defor- 
mations). 

(3) Bolometric transducers. This is a third subclass of 
variable-resistance transducers, in which variations in the 
resistance are caused by temperature variations. 

(4) Variable-inductance transducers. In this type of 
transducer, the inductance is caused to vary under the action 
of variations in the position of some of its elements. These 
transducers are used in the measurement of force, pressure,. 
and linear displacement. 

(5) Variable-capacitance transducers. In these transdu- 
cers the capacitance is made to vary by variations in the 
unknown nonelectrical quantity, such as force, pressure, li- 
near or angular displacement, moisture content, etc. 

(6) Photoelectric transducers (see Chapter 17). Such trans- 
ducers generate a photocurrent or photocurrent pulses whose 
magnitude or frequency is a function of the unknown quan- 
tity. They are used in the measurement of illuminance, tem- 
perature, transparency or turbidity of liquids, linear dimen- 
sions and other physical quantities. 

The most commonly used self-generating transducers are: 


* In fact,“transducer” is a very general term. In many cases, design- 
ers and makers may choose it more suitable to call their products 
“measuring element”, “sensors”, “pick-ups”, etc.— Translator’s note. 
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(1) Induction transducers. Basically, they convert the 
unknown nonelectrical quantity into an induced emf. They 
are used in the measurement of velocity, linear or angular 
displacement. 

(2) Thermo-emf transducers. These transducers generate a 
thermo-emf bearing a specific relation to the unknown non- 
electrical quantity—temperature. 

(3) Piezoelectric transducers. These transducers are based 
on the property of some crystals to produce an electric poten- 
tial difference when they are elastically deformed by an 
applied force, pressure, or other mechanical factors. 

(4) Photoelectronic transducers. The description of these 
will appear in Chapter 17. 

Any transducer is in effect only a part (although a very 
essential one) of a rather complex set-up incorporating 
the transducer proper, connecting wires, a movement with a 
dial calibrated in units of the unknown quantity, a power 
source, a stabilizer, rectifiers, amplifiers, etc. 

Now we shall discuss the use of some of the transducers in 
more detail. 


(a) Potentiometric Transducers 


A potentiometric transducer is essentially a potentiometer 
whose wiper is caused to move under the action of variations 
in the unknown nonelectrical quantity z. 


Fig. 8-35. Circuit of a liquid 
gauge 
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~ An example of such a device, used to measure the level 
of liquids, is shown in Fig. 8-35. The position of the float 
depends on the level of the liquid. Any change in the latter 
causes the float to move up or down. Because the float is 
mechanically linked to the potentiometer wiper, the latter 
moves, too, and causes a change in the resistances r, and rs, 
connected in series with the coils of a ratiometer. The change 
in the current ratio of the coils brings about a change in 
indications of the instrument which, in this particular case, 
is called a liquid gauge. 


(b) Induction Transducers 


An example of this subclass is an induction tachometer 
which measures rotational speed by converting it to a pro- 
portional emf. 

A tachometer is a small generator whose armature rotates 
in the magnetic field of a permanent magnet (Fig. 8-36) and 
whose emf is proportional to its rpm. The armature is me- 
chanically linked to the shaft of the machine whose speed 
is to be measured, so the voltmeter connected across the ar- 
mature of the tachometer is calibrated to read the rpm of 
that machine. | 

In an induction tachometer using a permanent magnet VS 
(Fig. 8-37), the latter is mechanically linked to the shaft of 
the machine whose speed is being measured. As it rotates, 
eddy currents are induced in an aluminium disc, 7, mounted 
on the common shaft with a pointer, 2. The interaction of 
the eddy currents with the magnetic field established by the 
permanent magnet produces a torque which drives the disc 





N S 
~ 
Fig. 8-36. Circuit of an induc- Fig. 8-37. Construction of a tach- 
tion tachometer ometer with a revolving mag- 


netic field 
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and pointer through an angle where the driving torque is ba- 
lanced by the opposing or control torque supplied by a spring, 
3. The tachometer dial is marked, each mark representing a 
particular rotational speed. 


(c) Thermo-EMF Transducers 


An elementary thermo-emf transducer is a thermocouple. 
When combined with a moving-coil meter movement, such a 
thermocouple makes a thermo-emf thermometer (Fig. 8-38). 

As the hot junction, a, of thermocouple is heated, a 
thermo-emf is induced, giving rise to a current flow through 
the meter movement. As a result, the moving element deflects 
and the pointer indicates the temperature measured. The 
wires of the thermocouple must be sufficiently long, so that 
the cold junction, 6, has the temperature at which the instru- 
ment was originally calibrated. 

Most often thermocouples are fabricated from copper 
against constantan (for temperatures not over 300°C), copper 
against copel (for temperatures not over 600°C), iron against 
copel (for temperatures not over 800°C), chromel against 
copel (for temperatures not over 900°C), chromel against 
alumel (for temperatures not over 1300°C), platinum against 
platinum-rhodium alloy (for temperatures up to 1600°C). 





Fig. 8-38. Circuit of a thermo- Fig. 8-39. Simplified circuit of 
emf thermometer an automatic potentiometer 
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As a protection against mechanical damage and attack by 
corrosive gases, thermocouples are enclosed in sleeves made 
of brass, steel, porcelain or some other material. 

A thermocouple thermometer is not the only type of in- 
strument using a thermo-emf transducer. For example, wide 
use is made of automatic potentiometers which can continu- 
ously measure and/or record the emf of temperature on a pa- 
per chart. A simplified circuit of an automatic potentiome- 
ter is shown in Fig. 8-39. The two loops (or meshes), / and 
2, of the potentiometer are traversed by operating currents, 
I, and I... The resistors r,,, and r,;, make it possible 
to set the operating currents in a definite ratio. To 
obtain the desired value for /,,, the switch S is placed in 
the “7” (test) position. In this position, the difference bet- 
ween the emf of a standard cell, Ey, and the voltage drop 
ToiTaaj that is, the difference voltage Vg = Ey — Igy7aaj, is 
applied, after amplification by an amplifier A, to a rever- 
sible motor M, thereby causing it to rotate and move the 
wiper of the potentiometer r,. The rotor keeps rotating un- 
til J,, reaches the value at which V4, reduces to zero. In 
this condition, /,, takes on a value required for the measu- 
rement. At that instant, the switch S is automatically moved 
to the “/” (measure) position. At the same time, the motor 
is disengaged from the wiper of the potentiometer r, and 
is engaged with the wiper W of a slide-wire r,. The diffe- 
rence between the emf £,. generated by a thermocouple TC, 
and the voltage drop across the slide wire, /,.r,, that is, 
the difference voltage Vz = FE, — Ioor,., causes the motor 
M to move the wiper W of the slide-wire until EF, and Jo.r, 
balance each other. The wiper W of the slide-wire is mecha- 
nically coupled to the stylus of a recorder and the pointer 
of a meter, which display the value of the unknown quanti- 
‘ty at balance. 
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9-1. Purpose of Transformers 


A transformer is a static electromagnetic apparatus for 
converting electric power from a primary a.c. system at one 
voltage or current to electric power in a secondary a.c. sys- 
tem at a different voltage or current, while keeping the ini- 
tial frequency unchanged. In other words, a transformer 
accepts electric power at a voltage V, or current J, and deli- 
vers electric power at a different voltage V, or current J. 

In present-day power systems*, the electricity generated 
by fuel-fired power stations in localities having an ample 


supply of coal, petroleum or 
gas, or by hydro-power stations 
utilizing the energy of large 
rivers is transmitted over 
large distances which can run 
into thousands of kilometres. 

To make long-distance pow- 
er transmission economical, 
it is customary to step up the 
line voltage to tens or even hun- 
dreds of kilovolts at the sen- 
ding end. On the other hand, 
to make power distribution 
safe, this voltage has then to 
be stepped down at the receiv- 
ingend. It is often that the elec- 
tricity generated by a power 





P. N. Yabloch 





kov (1847-1894) 


* A power system is an interconnection of electric power stations 
by high-voltage power transmission lines. 
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station is stepped up or down in voltage three or four times 
before itreaches its users. Obviously, the transformers that 
do.this job must have a very high efficiency. 

The first transformer was invented by P. N. Yablochkov, 
an outstanding Russian scientist and inventor. 


9-2. Operating Principle and Design 
of a Single-Phase Transformer 


For its operation, a transformer depends on mutual induc- 
tion (see Sec. 3-18). 

A simplified circuit of a single-phase transformer is shown 
in Fig. 9-4. Its magnetic circuit, or core, 3, is assembled 
Irom punchings or laminations fabricated from electrical sheet 
steel carrying 4 or 5% silicon and given a coating of varnish 
on both sides. The limbs, or legs, of the core give support 
to transformer windings, 7 and 2. The supply voltage is im- 
pressed on the primary winding, 7. The resultant power, 
P,, is the primary or input power of a transformer. Winding, 
2,is connected to a load, Z, and is called the secondary 
winding. The power associated with the secondary winding, 
P,, is called the secondary or output power. 

As a rule, the primary and secondary voltages are 
different. Accordingly the winding carrying a higher. 
voltage is called the high-voltage (or H. V.) winding, 
and that carrying the lower voltage is called the low-vol- 
tage (or L.V.) winding. Each winding of a single-phase transfor- 
mer (Fig. 9-1) is made up of two halves put on different limbs 
of the core and interconnected in such a way that their mmfs 
are added together to give the total magnetic flux. The 
greater part of the flux @ has its pathcompleted through 
the core, 3, and is called the useful flux, 4. It links both 
windings. The part of the magnetic flux which has its path 
completed through the air gap and links only one winding 
(5 or 6) is called the leakage flux of that winding. 

In Fig. 9-1, the primary and secondary windings are 
shown separated to make the drawing to look less crowded. 
In practice, they are usually arranged concentrically, with 
the L.V. winding lying closer to the core. 

A transformer is a step-down one if the primary voltage is 
vreater than the secondary voltage, V,; > V.; in the oppo- 


| Fig. 9-1. Single-phase trans- 
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Fig. 9-2. Assembly of a core Fig. 9-3. Layout of laminations 
for a transformer in a layer ofa transformer core 


- during assembly. 
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Fig. 9-4. Cross-sections of transformer limbs (legs) 
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Fig. 9-5. Shell-type trans- 
former 





site case, that is, when V, > V,, it is called a step-up trans- 
former. In a single-phase transformer, the start and finish 
of the winding on the H.V. side are marked by the letters A 
and X, respectively; on the L.V. side they are marked by 
the letters a@ and z, respectively. In a three-phase transfor- 
mer, the starts and finishes of the windings are labelled A, 
B, C and X, Y, Z, respectively, on the H.V. side, and a, ), 
c and x, y, zon the L.V. side. Assembly of a core for a trans- 
former is illustrated in Fig. 9-2, and the arrangement of 
individual laminations or punchings in each layer, in 
Fig. 9-3. The laminations are 0.5 to 0.35 mm thick. The 
cross-sections of transformer limbs or legs, of various shapes, 
are illustrated in Fig. 9-4. There exist transformers with 
branched magnetic circuits (Fig. 9-5). 

The ratings of a transformer, that is, power, voltages, 
currents, and frequency, are stated on its nameplate. Be- 
cause the efficiency of a transformer is high, the rated power 
in both windings is assumed to be equal, that is, 5}, = So, 


9-3. Performance of a Single-Phase Transformer 
at No-Load 


If we open the knife-switch AS, (see Figs. 9-1 and 9-6) 
and apply the rated voltage V, to the primary winding (AX) 
of a transformer, it will be operating at no-load. 

The primary voltage V, gives rise in the AX winding to 
a no-load alternating current, Ino_toaq, Which does not 
usually exceed 4 to 10% of the rated current. This current 
may be deemed to consist of a reactive component I) o_joad, 1 
which sustains the magnetic flux ®,, and an active compo- 
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nent J) o_toad, a Which is proportional to no-load loss of pow- 
er in the transformer 


2 2 
I no-load = V Po-t0a4, at no-load, r 


Because the no-load current is very small in comparison 
with the rated current, the power lost in the primary wind- 
ing as heat, [3.,_joaqr is usually neglected. This loss is 
usually termed the iron loss of a transformer, defined as 

Pro-toad = Pi + Ino-toaa?1 = (approx.) P; 

The magnetic flux in a transformer is established by the 
mmf Ino-toad, pW}. since, however, Lno~load. a< 0.10 o_toads 
it is customary to take the mmf of a transformer equal to 
Tno-toad@y = Frro_toad: 

Figure 9-7 shows a vector diagram for a transformer at 
no-load. The no-load current vector J, joaq is laid off in 
an arbitrary direction, and the maximum value of the pulsa- 
ting flux is laid off to be in phase with J,o_joqq- In the pri- 
mary and secondary windings, this flux induces emfs [Sec. 6-3, 
Eq. (6-11)] given by 

E,=4.44fw,0,, (9-1) 
and 

E, = 4.44fw.D,, (9-2) 
These emfs are in quadrature lagging with the magnetic 
flux. The primary leakage flux, ®,,, which is in phase with 
Ino-load, induces in it an emf of leakage, which is in quad- 
rature lagging with the current: 


Ea = 4.44fw,D,, (9-3) 
As has already been shown (see Sec. 6-3), 
Ey,=1,0L= I, no-loadt4 (9-4) 


where z, is the inductive reactance of the primary winding 
due to the leakage flux of that winding. 

The voltage drop, Jjo-1oaq%1, across the primary winding 
at no-load is less than 0.5% V, and may be ignored. Then, 
by Kirchhoff’s second (voltage) law, if we assume that 
Ino-load’; = (approx.) 0, the instantaneous voltages equal 
to the instantaneous emfs will be in anti-phase with each 
other, that is, 


Vv, = —e, 
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Fig. 9-6. Connection of a trans- Fig. 9-7. Vector diagram for a 
former in a circuit transformer at no-load 
Since 


V,= Vi, sin wt 
then 
e= Va sin of = Vim (sin wt + 180°) 
Thus, the rms voltage and emf 
V;, = E, = 4.44fw,D, 


are equal to, and in anti-phase with, each other (Fig. 9-7), 
if we neglect £,,. 

The current in and the voltage drop across the secondary 
winding are zero, so the instantaneous. voltage and emf, v, 
and é€,, are equal, and so 


V2 = E. = 4.44fw.O,, 
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The ratio of turns in the windings or the respective emfs is 
called the transformation ratio of a transformer 


k= E/E. = 4.44fw,®,,/4.44fw.®,, = w,/We (9-5) 


This ratio is usually expressed in terms of the ratio of pri- 
mary and secondary voltages at no-load, neglecting the vol- 
tage drops across the windings, that is, 


k= Vie 1600 il V notoud 2 (9-6) 


9-4. Performance of a Single-Phase Transformer 
under Load and the MMF Diagram 


If we close both knife-blade switches, KS, and KS, (see 
Figs. 9-1 and 9-6), this will connect a load, z, across the 
secondary winding, The secondary emf /, gives rise in the 
secondary circuit to a current whose rms value /, and direc- 
tion are, by Lenz’s law, such that they tend to maintain the 
transformer flux @,, at a constant value. In other words, 
in operation under load, the flux ®,, is established by the 
joint action of the mmfs in both windings 


F, +F, == Piecing (9-7) 


Equation (9-7) shows that the resultant mmf remains practi- 
cally unchanged and equal to the no-load mmf, /yo_joaa: 
This can be explained as follows. £, is proportional to ®,, 
(E, ~ @,,). Also, the voltage drop, /,z, << 2 to 2.5% V,,, 
is so small as to be negligible. In the circumstances, we 
may assume that EF, ~ V, and ®,, ~ V,,. Hence, we may 
approximately deem that the magnetic flux ®,, at a constant 
primary voltage is practically unchanged and remains such 
in any duty. The mmf diagram of a loaded transformer is 
shown in Fig. 9-8. _ 

The magnetic flux @,, is in phase with the mmf Fy4_joaq- 
The mmf F, is shown to be in phase with J, which lags be- 
hind FE, by an angle w,. For Fyo_iogg to retain its value, 
the primary winding must produce an mmf given by 


Fy = Fro-tcaa + (— F2) 


Then, if 7, at a given instant is flowing from the start to 
the finish of the winding, J, will be flowing from the finish 
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Fig. 9-8. Vector diagram for 
the mmfs of a transformer 





to the start of the secondary winding, and J, will automati- 
cally rise with increasing J,. The power factor cos q,, which 
is very small at no-load (coS @jo-1oaq << 0.1), increases with 
increasing load owing to the active component of J, (q, is 
less than Qno_toaa): 
If we ignore the negligible F,,,_jo¢qg and assume that 
fF, = F,, that is, [jw, = I,w., then 
I,/T. = Wo/w, = 1/k = E/E, (9-8) 


As is seen, the currents in a transformer are inversely pro- 
portional to its emfs. 


9-5. Variations in Transformer Voltage at Load 


As in the case of a generator, it is important to know how 
the voltage across the terminals of a transformer varies as 
its load increases from zero to its rated value. 

Mathematically, this relationship is written 

AV% = ened" 100% (9-9) 
Van 
and is called the (percent) regulation of a transformer. At 
I, =I, and cos pg, = 1, the regulation of a transformer 
is 2 to 3% Va. 

As is seen from the voltage diagram for a loaded transfor- 

mer at rated currents in the windings (Fig. 9-9, see also 
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Fig. 9-9. Vector diagram for a 
loaded transformer 





Fig. 6-9 and Sec. 6-4), the primary emf £, is smaller than 
it is at no-load by the voltage drop /,z,, because 


Vin= — Ey 4 (142, + 1424) 
As E, decreases, @,, also decreases, and the secondary emf 
becomes smaller than it is at no-load, that is, E,< 


= eno-load: 

The secondary voltage V, of a loaded transformer is de- 
duced by subtracting the voltage drop across the secondary 
winding from the secondary emf, E,, of the loaded trans- 
former, and not from the secondary emf at no-load, that is 


V, = Ey — (Lore + In) 
where z, is the inductive reactance due to the leakage flux 


of the secondary winding. Thus, Eq. (9-9) accounts for the 
voltage lost in both windings. 


9-6. Power Lost in the Windings 
of a Loaded Transformer 


How much power will be lost in the windings of a loaded 
transformer depends on J, and /,, the winding resistances 
r, and rz. Mathematically, it is given by 

Py = Tir, + Eyre 
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This power is determined by what is known as the short- 
circuit test. It is carried out, using the test set-up shown in 
Fig. 9-6. As is seen, the secondary winding is short-circuit- 
ed, and the primary winding is energized with a sinall 
voltage sufficient to give rise to the rated currents, /,, and 
I.n, in the primary and secondary windings. This voltage is 
called the impedance voltage, V;, of a transformer. It is 
not over 5 to 10% of V,, and is given on the nameplate. 
In this test, it is immaterial which winding is assumed to be 
primary. 

The supply power measured in this test goes to make up 
for the power lost in the winding, P,,, and the iron loss 
under short-circuit conditions, P;,,,. The latter is negligible 
at the low value of the induction B,,. Thus, the total short- 
circuit power is 


Pie = Pipe PP ee = Approx.) Ps 4 (9-10) 
Hence, the total loss in a loaded transformer at rated cur- 
rent and voltage is 


P= Pw, n Ss P;, no-load (9-11) 


9-7. The Three-Phase Transformer 


Distribution substations use three-phase transformers 
(Fig. 9-40). 

The core of a three-phase transformer is assembled from 
electrical-sheet steel laminations as shown in Fig. 9-11. 
The core has three limbs or legs on which are concentrically 
arranged the primary and secondary windings of a particular 
phase, namely AX and az of the first phase, BY and by of 
the second, and CZ and cz of the third. For simplicity, 
Fig. 9-10 shows the windings separated on the respective 
legs. 

The primary and secondary windings can be star or delta 
connected. Under USSR State Standard GOST 11677-65, 
three-phase transformers use the star-star connection with 
the neutral point grounded (symbolized Y/Y,), the star- 
delta (Y/A) connection, and the star/delta connection, with 
the neutral point in the star grounded (Y,/A). The numera- 
tor lables the connection scheme used on the H.V. side, and 
the denominator on the L.V. side. 
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Fig. 9-10. Three-phase trans- Fig. 9-11. Layout of  transfor- 
former mer laminations in assembly 


If we consider separately the fluxes established by the 
individual mmfs, namely f&, = 1,4w,, Fp =I pwsz, and 
Fe = Icgw¢e, we shall note that the magnetic flux in the AX 
phase (see Fig. 9-10) has its path completed through the 
legs B and C, that in the BY phase through the legs A 
and C, and that in the CZ phase through the legs A and B. 
When currents simultaneously exist in the three phases, 
these mmfs are added together as shown in Fig. 9-12. 

In addition to the winding connection scheme, the name- 
plate of aj transformer gives the phase-displacement or vec- 
tor group of the winding connection, such as Y/Y,-0 or 
Y/A-11. The phase-displacement or vector group symbol 
designates the phase displacement between the line emf vector 
for the L.V. winding relative to the line emf vector for the 
H.V. winding in the clockwise direction. The unit of phase 
displacement is 30°. The O-phase displacement or vector 
group is that for which the phase displacement between the 
line emf vectors is 0°. The 11-group is that for which the 
phase displacement between the line emf vectors is 330°. This 
phase displacement is of no consequence to the using of equip- 
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Fig. 9-12. Diagram ot mmfs for 
a three-phase transformer 





ment; it is stated so that one can determine whether the 
transformers involved can be operated in parallel. 

In many cases, a supply network at a voltage V, must sup- 
ply two other networks at voltages V, and V;. To meet this 
requirement, one has to have two transformers with trans- 
formation ratios of k, = V,/V, and k, = V,/V3. Instead of 
two transformers, use can be made of one transformer ha- 
ving a primary (HV) winding and two secondary windings, 
of which one is for medium-voltage (MV) and the other for 
low-voltage (LV). Such transformers are called three-wind- 
ing. For example, in a three-phase transformer with a rated 
power of S, = 6300 kVA, the primary voltage is 121 kV, 
the medium voltage is 38.5 kV, and the low voltage is 
11 kV. 

In a three-winding, three-phase transformer the windings 
can be connected Y,,/Y,/A-0-11 or Y,/A/A-11-11. The power 
ratings of the windings are the same. A three-winding trans- 
former is more economical than two separate two-winding 
transformers. 

Multi-winding transformers have a single primary winding 
and a multiplicity of secondary windings, according to the 
number of secondary circuits to be energized. Such trans- 
formers are, for example, used in radio receivers, TV recei- 
ers, tape recorders, etc. Each winding is designed for a 
particular voltage. 


9-8. Control of Transformer Voltage 


The output voltage of a generator can be controlled by 
varying its exciting (field) voltage and, as a consequence, 
its magnetic flux and emf. In a transformer, the primary vol- 
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Fig. 9-13. Arrangement of taps 
on a transformer winding 





tage V,, is constant, and so are its magnetic flux @,, and 
emf, therefore the secondary voltage can only be control- 
led by varying the transformation ratio. 

Figure 9-13 shows a three-phase transformer in which each 
phase on the primary (HV) side has several taps taken to the 
contacts of a switch Sw, mounted on the transformer tank. 
The handle of the switch is outside the tank lid. The taps 
are spaced in such a manner that each changes the trans- 
formation ratio by +5%. Should the primary voltage drop 
below its rated value, the switch is moved to another posi- 
tion (position //J in the diagram) so as to reduce the number 
of turns and hold the secondary voltage at the rated value. 
Should the primary voltage rise above its rated value, the 
switch is moved to position J in the diagram, thereby res- 
toring the secondary voltage to its rated value. Such switch- 
es are called tap-changers, and they come in two varie- 
ties. One variety operates so that it opens the circuit, and 
this requires that the transformer be de-energized, thereby 
entailing a disruption in the supply of electricity to consu- 
mers. The other variety does its job without interrupting 
the circuit, and the respective devices are known as under- 
load tap changers. 


18—0215 


274 _ 7 Part One. Electricity 


9-9. Autotransformers 


An autotransformer is a transformer in which some part of 
the winding is used in both the primary and the secondary 
circuits at the same time (Fig. 9-14). Autotransformers are 
advantageous in cases where the transformation ratio is 
0.5<k<2. They are used to link HV networks operating 
at 500 and 220 kV, to start induction and synchronous mo- 
tors, as voltage regulators in a laboratory, etc. 

An autotransformer operates as follows. When the primary 
winding AX is energized by an alternating voltage (see 
Fig. 9-14a), a magnetic flux is established in the transformer 
core, and an emf £, is induced in the winding. The voltage 
set up across the portion az which serves as the secondary 
winding is proportional to the number of turns in that por- 
tion. The secondary current J, flows in the portion az, and 
the primary current /, in all of the winding AX. Because 
the primary and secondary currents flow in opposite direc- 
tions, the portion az carries their difference, J,,—J,—TI,, 
so this portion may be wound with a finer wire. The auto- 
transformer shown in Fig. 9-14a is a step-down one, because 
W, >> W,. If we apply V, to terminals a and z it will operate 
as step-up transformer, because then w, < wg. Figure 9-14b 
shows a step-down three-phase autotransformer. 
~ Some autotransformers are built so that their transforma- 
tion ratio can be varied at will (Fig. 9-14c). Owing to this 
feature, they enable the output voltage to be varied from 
zero to 1.4 V,,. Additional taps on the primary winding 
make it possible to connect the autotransformer to supply 
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Fig. 9-14. Autotransformers 
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lines operating at 127 or 220 V. They have a roller contact, 
terminal X, which rides on the bare (skinned) outer surface 
of the primary winding and continuously varies the primary 
voltage in steps of less than 1 V. 

A major disadvantage of all autotransformers is that the 
HV and LV windings are conductively coupled. In the case 
of a high voltage, the transformation ratio has to be set at 
2:1 or 2.5:1, because the insulation resistance of the secon- 
dary circuit with respect to ground must be the same as 
that of the primary circuit. 

Among the advantages of autotransformers are the lower 
weight ofgcopper for the windings, reduced /*R (heat) los- 
ses, and, as a corollary, better efficiency in comparison 
with conventional transformers. 


9-10. Arc Welding Transformers 


Conventional transformers cannot be used as welding-arc 
sources because a prohibitively heavy current is flowing (15 
to 20 times the rated value) when an arc is struck and the 
electrode is touched to the work. 

In arc welding transformers, the secondary voltage varies 
from Vo» no-load = 70 V at no-load to V.,, = 0 at short- 
circuit, when the electrode is touched to the work. 

In the latter case, the short-circuit secondary current, 
I, sc, Ought not to exceed the operating current, /,, by 
more than 20 to 40%. Such a transformer must have a very 
drooping external (load) characteristic (Fig. 9-15). If this 
condition is satisfied, then /, will remain practically con- 
stant, even though the voltage may fluctuate appreciably 
owing to variations in the electric-arc resistance, which is 
essential, if a high-quality arc weld is to be made. To obtain 
such a characteristic, resort is made to transformers whose 
windings have appreciable leakage flux @,, or which are 
fitted with a separate saturable reactor, or have an addition- 
al winding on the common core. 

In the first case (Fig. 9-16a), the primary winding / is 
designed for standard voltages of 220 V or 380 V. The se- 
condary winding, 2, which is connected in series with a 
separate saturable reactor, 3, has a no-load voltage of 
Ve no-load = 10 V, while at the rated secondary current 
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Fig. 9-15, External (load) char- 
acteristic of a welding trans- 
former 
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Fig. 9-16. Arc welding transformer 


I,, its voltage is V, ~ 30 V. The welding current between 
the electrode, 5, and the work, 4, can be adjusted by varying 
the air gap, 6, in the coil, 3. This is done by shifting the mo- 
vable part of the core, 7. 

In the second case (Fig. 9-16b), the reactor, 3, and the 
secondary winding, 2, are placed on a common magnetic core 
and are coupled inductively. The movable part of the core, 
7, has the same function as in the arrangement of Fig. 9-16a. 
The efficiency of welding transformers is 83 to 90%, and 
cos m = 0.52 to 0.62. 


9-11. Instrument Transformers 


Instrument transformers are used in a.c. circuits in order 
to extend the range of measurements. Also, such transfor- 
mers ensure safety to attending personnel, as they isolate 
instruments, relay coils and other circuit components from 
high-voltage circuits. The manner in which an ammeter, 
voltmeter and watthour-meter can be connected via instru- 
ment transformers is illustrated in Fig. 9-17. 
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Fig. 9-17. Connection of inst- 
rument transformers and inst- 
ruments 








Fig. 9-18. Instrument voltage Fig. 9-19. Instrument current 
transformer transformer 


All voltage circuits of the measurement devices are con- 
nected to the secondary winding of an instrument voltage 
transformer whose primary winding is connected to the high- 
voltage network ABC. Its secondary winding is designed 
for a rated voltage of 100 V. An external appearance of a 
single-phase instrument voltage transformer is shown in 
Fig. 9-18. As a protection against inadvertent short-circuits, 
the primary and secondary circuits of the transformer contain 
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fuses. The transformation ratio of the transformer, ky = 
= V,/V, = w,/w,, may be deemed constant only at rated 
power. Then, 

V,=hkyV2 (9-12) 
can be measured to an acceptable level of accuracy. 

The current (series) circuits of ammeters, wattmeters and 
watthour-meters are connected to the secondary winding of 
an instrument current transformer. The secondary winding 
of an instrument current transformer is designed for a rated 
current of 5A (Figs. 9-17 through 9-19). The primary winding 
of an instrument current transformer, often consisting of one 
or two turns of heavy wire, is connected in series with the 
measured circuit. In this case, the transformation ratio 


k, = 1,/T, = (approx.) wo/w, 
will remain unvarying only when the total resistance of the 


meter windings and connecting leads does not exceed the 
limit set for a given transformer. Then, 


I,=k,I, (9-13) 


No fuses are installed in the secondary circuits of instru- 
ment current transformers. The point is that a blown fuse 
in the secondary circuit would cause the secondary mmf F, 
to disappear, while the primary mmf F, would remain as it 
was before. Under normal operating conditions, these mmfs 
oppose each other and produce a very small resultant mmf 
F,. Obviously, if F, were allowed to disappear, this would 
cause F’,. to rise to F,. Then the magnetic flux in the trans- 
former and the emf in the open-circuited secondary winding 
would rise to dangerous values (which are likely to cause 
core overheating, insulation breakdown, and an electric 
shock to attending personnel). 

When an instrument transformer is connected in a high- 
voltage network, its secondary winding and frame must be 
grounded. 


9-12. Efficiency of a Transformer 


The efficiency of a transformer is defined as the ratio of 
the active or output power, P,, it delivers, to the active 
power applied to its input, P,, or mathematically 


n= (P2/P,) X 100% = [P./(P.+ Pi+ P.)] x 100% (9-14) 
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where P; is the iron loss found by the no-load test (see Sec. 
9-3), and P, is the copper loss found by the short-circuit test 
(see Sec. 9-6). 

The efficiency of a transformer depends on its load, be- 
cause the iron loss is constant and the copper loss is propor- 
tional to the current squared. If the loading factor is de- 
fined as the ratio of power, S,/S,=Kjoqq, then the efficiency 
of a transformer is given by 


k Son COS ® 
= Pf P= loadY en 2 9-15 
0 ores kioadSeon COS Pot PithiaaPee. _ ( ) 


where P,,, is the copper loss at the nominal current, as 
determined by the short-circuit test. 

Calculations and experiments show that transformers have 
a maximum efficiency when the loading factor k),,, is 
approximately from 0.7 to 0.8, because then the copper loss 
is equal to the iron loss. 


9-13. Heat Control in Transformers 


When a transformer is operating, its core and windings 
give up heat. This heat must be abstracted to the surroundings 
since otherwise the temperature of the transformer might 
rise to a dangerously high value. The maximum allowable 
temperature (under Soviet safety codes) is set at 105°C for 
the windings, 110°C at the surface of the core, and at 95°C 
for the top layers of cooling oil at an ambient temperature 
of 30°C*. 

As a rule, power transformers are oil-cooled, in which case 
the windings are cooled well and protected against exposure 
to moisture and atmospheric oxygen. A power transformer is 
enclosed in a steel tank filled with mineral oil. For transfor- 
mers rated at 20 to 30 kVA, the tank has plain walls; for 
larger transformers the tank has a system of tubes which 
increase the cooling surface (Fig. 9-20). The top lid of the 
tank carries bushing insulators for the winding leads. 


* In the US and UK literature of the subject, this condition is 
usually stated as “temperature rise”, that is, the number of degrees 
above ambient temperature. The respective figures would then be 
70°, 75°, and 60°C.— Translator’s note. 
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Fig. 9-20. Power trans- 
former 





At a power{ratingloflover'100 kVA or even at a lower pow- 
er rating if the rated voltage is over 6.3 kV, the tank must 
have an oil conservator, 7, (also known as an oil expansion 
tank) connected to the tank by a tube (see Fig. 9-20). On 
heating, the oil level in the conservator rises; on cooling, it 
lowers. The capacity of the conservator must be such that 
it will ensure an ample supply of oil in the main tank at any 
load and any variations in ambient temperature from —35°C 
to +35°C. The oil level is indicated by an oil gauge. 

At S > 1000 kVA, power transformers are fitted with a 
breather, 2, connected to the tank and closed by a glass burst 
diaphragm on the outside. In the case of a fault or breakdown 
in the transformer, the gases liberated by evaporating oil 
break the diaphragm, thereby protecting the main tank 
from being burst instead. 


Chapter Alternating-Current 
Ten Electrical Machines 


10-1. Purpose of Alternating-Current Machines. 
Induction Motors 


As a rule, electric energy is generated, transmitted and 
utilized as a three-phase system of voltages. At a power sta- 
tion, mechanical power is converted into electricity by syn- 
chronous generators. At the using end, electricity is con- 
verted back to mechanical energy mainly by induction 
motors. 

The three-phase induction motor was invented by M.O. 
Dolivo-Dobrovolsky in 1889. His motor depends for its 
operation on a revolving magnetic field. Being the most 
commonly used type of motor, his machine has since then 
remained almost unchanged in construction. Simple, inex- 
pensive and reliable in service, the induction motor has 
good mechanical characteristics and is manufactured in 
power sizes from a fraction of watt to thousands of kilowatts 
at voltages of 127, 220, 380, 500, 660, 3000, 6000 and 
10,000 V. It is used to drive machines and mechanisms where 
the rotational speed need not be maintained precisely con- 
stant or controlled. The single-phase type of induction motor 
is the regular feature of household appliances, such as refri- 
gerators, floor polishers, washing machines, and the like. 


10-2. The Revolving Magnetic Field 


In most cases, a.c. machines are of the so-called inverted 
construction. This means that the armature winding remains 
stationary and the part carrying it is called the stator, while 
the field winding is made rotating and the part carrying it is 
called the rotor. In the case of a three-phase system, the 
stator current produces in the machine a revolving magnetic 


1k a a ee ee ee eee Part One. Electricity 


\) 
a Y 


y 
4 
4 
6 
4 
y 
Y 
4 
+ 


‘oe? 
e 





Fig. 10-1. Arrangement of a Fig, 10-2. Current waveforms 
three-phase winding in a three-phase system 


field whose speed depends on the frequency f of the applied 
current and number of pole pair p in the machine. We shall 
take as an example a stator winding with 2p = 2 poles, 
which is energized with a current at 50 Hz and produces a 
magnetic field revolving at nm = 3000 rpm. 

The three identical stationary windings AX, BY and CZ, 
arranged on the inner surface of the stator (Figs. 10-41 and 
10-8) so that they are spaced 120° apart from one another 
are traversed by currents making up a three-phase system. 
The currents, too, are displaced from one another by 120°. 
The waveforms of the currents i,, iz and ic are shown in 
Fig. 10-2. 

As in Fig. 10-1, each coil in Fig. 10-3 is shown schematical- 
ly as a single turn, and the coil ends are omitted. Let us 
assume that the currents flow from the start to the finish 
of each coil and call this direction positive. Then the direc- 
tions of the currents in each coil in Fig. 10-3 for several 
instants (a, 6 and c) will be as shown in Fig. 10-2. 

At time a, the current in the coil AX is a maximum and 
positive (see Fig. 10-2). The currents in the coils BY and CZ 
are negative, equal to each other, and each is half as great 
as the current in the coil AX. Thus, in Fig. 10-3a, the cur- 
rent at the start of the coil (terminal A) is flowing away 
from the reader, while at the starts B and C of the coils BY 
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(a) (b) 


Fig. 10-3. Combination of mmfs at times a, b and c (see Fig. 10-2) 


and CZ it is flowing towards the reader. At times b and c, 
the currents are plotted in a similar way (Figs. 10-2 and 
10-36 and ec). 

It is easy to see that the magnetic lines of force which 
link the currents flowing in the same direction at times a, } 
and c are displaced from one another in space in the clock- 
wise direction so that the field revolves through 60° during 
one-sixth of a cycle and completes a revolution during a 
cycle. 

In Fig. 10-3 it is also seen that when the current in a coil 
is a maximum, the direction of the revolving field is along 
the axis of that coil. 

Once we know the sequence in which the currents in the 
coils pass through their peak, or amplitude, values (A,B, 
C, A, etc. in Fig. 10-2), we can determine the direction in 
which the field isrevolving. If we want to reverse the direc- 
tion, we must reverse the sequence of current amplitudes 
in the coils, this is done by interchanging any two wires of 
the three that connect the coil to the supply mains. Rever- 
sal of induction motors is accomplished in a similar manner. 

Figure 10-3 shows a two-pole field. If we make the winding 
so that each phase consists of two series-connected coils, 
and not of one coil as shown in Fig. 10-1, the field will com- 
plete one-half of a revolution during a cycle. Thus, in the 
general case, the rpm of the revolving magnetic field is 


n, = f,60/p (10-1) 


This is known as the synchronous speed. 
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From examination of Fig. 10-3, it can be seen that the 
mmfs of the coils F,, F , and Fg are combined vectorially. 
Then, noting the values of the currents i,, i, and ic in the 
coils AX, BY and CZ at times a, b, and c (see Fig. 10-2), we 
can show that the total’mmf of a three-phase winding is 


F=F,+Fy+Fo=1.5F 4. max 


Since the maximum mmfs of the coils are the same, then 
F = 1.9 Fi5¢ remains unchanged throughout each revolu- 
tion, SO Dypase ~ 1.9 Fonase = constant. 

Each phase of the stator winding links a magnetic flux 
which, owing to the rotation of the magnetic field, is conti- 
nually varying in time from © = 0 to OM = Q,,. This total 
flux, which is 1.5 times the amplitude of the pulsating 
current in each phase, induces emfs e, and e, in the stator 
and rotor windings, respectively. 


10-3. The Stator Winding of an Induction Motor 


Tle stator winding of an induction motor is more elabo- 
rate than is shown in Fig. 10-1. Each phase of a three-phase 
winding consists of several coils similar to those of the arma- 
ture winding in a d.c. machine (see Fig. 4-9). The stator leads 
are labelled SZ, S2 and S83 at their starts, and S4, S5 and 
S6 at their finishes. 

Figure 10-4 shows a coil having four turns, which will 
occupy two slots in the stator. The same four turns can be 
divided into two coils as shown in Fig. 10-5. They are con- 
nected in series so that their emfs will be added together. 
All conductors in a coil are insulated together, so in our 
further discussion each coil will be shown to have a single 
turn, irrespective off the actual number of turns in it 
(Fig. 10-6). 

The active coil sides may be arranged in slots in one layer, 
as shown in Fig. 10-1, or, more often, in two layers, as in 
the armature of a d.c. machine (see Figs. 4-8 and 4-10). 

Let us show how one can determine the number of slots in 
the stator for a three-phase motor. If the machine has 2p 
poles and m phases, then the number of slots that each phase 
will occupy per pole will be q (where g may be equal to 1, 
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Fig. 10-4. Coil of a Fig. 10-5. Connection Fig. 10-6. Coil desig- 
stator winding of two coils nation 


2, 3, 4, 5), usually specified in advance when designing a 
machine. 


Then the total number of stator slots will be 
Z = 2pmq (10-2) 
Let 2p = 2, m = 3 and q = 2. Then 
Z=2x3xX2=12 


If we use a two-layer winding, the number of coils will also 
be 12. Such a winding is shown in Fig. 10-7. Each phase 
occupies Z/3 = 12 — 3 = 4 slots divided between two coils 
arranged to lie within the sphere of action of the unlike 
poles, that is, two pole pitches, t, apart. The pole pitch in 
electrical degrees is always equal to 180°. 

Slots are distributed among the phases in the following 
manner. Because g = 2, we may arbitrarily take it that at 
the first pole pitch the phase S154 occupies slots 7 and 2. 
At the second pole pitch the same phase occupies slots 7 
and 8, because t = Z/2p = 12 + 2 = 6 teeth. The phase 
S2S5 is displaced in space through 120° or through 2/37, 
that is, by 6 x 2/3 = 4 teeth and occupies slots 5, 6 and 77, 
12. The slots are marked on the upper layer of the active 
sides. Obviously, the phase S3S6 occupies the remaining 
slots—8&, 9 and 3, 4. For the emfs of each phase to be added 
together, the sides in each coil are connected in series aid- 
ing—the finish of the first to the start of the second, and 
so on, and the coils are connected in series opposition—the 
finish of the first to the finish of the second (Fig. 10-7). 
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Fig. 10-7. Developed view of a two-layer winding 





Fig. 10-8. Stator of an induc- Fig. 10-9. Punching for 
tion motor less its winding a stator core 


Fig. 10-10. Three-phase squirrel- 
cage induction motor 
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Then, for example, 
€s1 = €1 + 2 — (— e7 — eg) 
=; +e: + e7 + €8 


So that the winding can be connected to a three-phase 
supply line, it is connected in a star or a delta. 

The stator of an induction motor, less its winding, is 
shown in Fig. 10-8. It consists of an outer cast-iron, alumi- 
nium or steel frame /, into which is press-fitted core 2, 
assembled from electrical-sheet-steel laminations (Fig. 10-9). 
The laminations are insulated from one another by a coating 
of varnish. In enclosed motors, the outer finned surface 
of the stator is forced-air-cooled by a blower. A fully assem- 
bled motor is shown in Fig. 10-10. 


10-4. The Rotor Winding of an induction Motor 


The rotor (Fig. 10.11), or the revolving part of an induc- 
tion motor, is placed inside its stator (Fig. 10-8). It is a 
cylinder assembled from electrical-sheet-steel laminations 
in about the same manner as the stator, and has slots on its 
outer surface. The slots accept copper bars short-circuited 
at the ends by copper rings to form the rotor winding. In 
this case, the slots are circular in section, and the winding 
shown separately in Fig. 10-12 is known as a squirrel cage. 
In fact, the slots may be given any other shape, and the 
short-circuited squirrel-cage winding can be obtained by 
pouring molten aluminium into the slots; at the same time, 
the shorting end rings are cast, complete with fan blades. 
Such machines are called squirrel-cage-rotor motors (see 
Fig. 10-10). Their rotor winding is a polyphase one. 

Instead of a squirrel-cage structure, the rotor (Fig. 10-13) 
may have a winding similar to the stator winding (see 
Fig. 10-7). This type is known as the phase-wound rotor; 
it is shown in Fig. 10-14. In this case, the three leads, R/, 
R2 and R3, from the winding in slots 7 are connected to three 
slip-rings 2 mounted on a shaft 3 and insulated from one 
another and from the shaft. Brushes riding on the slip-rings 
connect the rotor winding to a rheostat which is used to 
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Fig. 10-12. Squirrel-cage struc- 


Fig. 10-14. Squirrel-cage rotor 
ture 


of an induction motor 





Fig. 10-14. Phase-wound rotor 


Fig. 10-13. Punching for a_ro- 
of an induction motor 
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Fig. 10-15. Three-phase phase-wound-rotor (slip-ring) induction 
motor 
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start the motor or to regulate its speed. This is a phase- 
wound-rotor (or slip-ring) motor; it is shown in Fig. 10-15. 


10-5. The Operating Principle of an Induction Mofor 


The emfs induced in the rotor by the revolving magnetic 
field give rise in its short-circuited conductors to the secon- 
dary currents i, which interact with the revolving magnetic 
field of the stator. The conductors in the rotor are acted 
upon by electromagnetic forces which are tangent to the 
surface of the rotor (the right-hand rule). On combining, 
the electromagnetic forces and their moments produce a re- 
sultant electromagnetic torque at the rotor shaft, which 
drives, the rotor in the same direction as the stator field is 
revolving. 

The rotor rpm, 7., must be lower than that of the stator, 
n,, because it is only then that the stator field will move 
relative to the rotor conductors travelling in the same direc- 
tion and will induce in them the secondary currents, i., 
essential for the operation of the motor. 

Such a speed is called asynchronous (and, in fact, such 
motors are sometimes referred to as asynchronous machines). 
The quotient of the difference between the synchronous speed 
(that of the stator field) and the actual speed of the rotor 
to the synchronous speed, expressed as a ratio or a percen- 
tage, is called slip 

S = (My— Ng)/n, 
or 


per cent s=—*—2 x 100% (10-3) 


1 

The slip of an induction motor can vary from 1, or 100%, 
when the rotor is stationary, to zero when the rotor is rota- 
ting at the synchronous speed (that of the stator field). As 
the load on the shaft increases, s also increases, because it is 
only then that E,, I, and, as a consequence, the rotor 
torque can be sufficiently large. The rated slip for induction 
motors is from 1 to 6%. At no-load (P, = Q), the slip is 
practically zero. 

At no-load, the rotor current is relatively small. When 
some load is applied to the shaft (P, 0), it increases. 
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The resultant magnetic flux © of the machine is produced 
by the joint action of the mmfs F, and F,, as in a transfor- 
mer (see Fig. 9-8, Sec. 9-4). However, F, and F, can be com- 
bined only when they are stationary relative to each other, 
as in a transformer. Let us show that in an induction motor 
F, and F, are stationary relative to each other, although 
they are revolving in space at n,, that is, at synchronous 
speed. 

The frequency of the stator current, f,, is proportional to 
n,, and that of the rotor current, f,, is proportional to 
(n, — n,). Also, 


fo = p (nm — n,)/60 = prys/60 = fs (10-4) 


When the rotor is stationary, f, = f, x 1 =f, At syn- 
chronous speed, f, = f,; X 0 = 0. In operation at full load, 
I, = I;n, when, say, s, = 2 to 4%, 


fe = fis = 50 X 0.02 to 50 x 0.04 


that is, 1 or 2 Hz. 

The stator current /, produces in the stator winding an 
mmf, F, revolving at synchronous speed n,, while the rotor 
current /, produces in the rotor winding an mmf which re- 
volves relative to the rotor at n, = f, X 60/p. The rotor 
itself is rotating in the same direction at n,. Therefore, 


Nz + Ng = Ny + fo X 60/p= nz + fis X 60/p 


= Np + MS =Ny + Ny a ny 
1 
. Thus, an induction motor may be treated as a transformer 
with a rotating secondary winding, to which we may apply 
all the reasoning developed in Sec. 9-4, and we shall do so 
in our further discussion. 

It is to be noted that in a transformer (see Fig. 9-7), 
the no-load current is I, -joaq = 4 to 10% of J,. In an in- 
duction motor, because there is an air gap between the sta- 
tor and the rotor, the no-load current is J,4-15¢g = 20 to 
40% of J,,. 
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10-6. EMFs in the Stator and Rotor Windings 
of an Induction Motor 


When the rotor is stationary, the revolving magnetic field 
induces in each phase of the stator and rotor windings the 
following emfs (see Sec. 9-3): 


EK, = 4.44f,w, Pky, (10-5) 
E. = 4.44f woDkwe (10-6) 


where k,,, and k,,. are the winding coefficients accounting 
for the design of the windings. 

When the motor is running, the rotor speed n, and slips 
vary, according to the load applied to its shaft (the retard- 
ing or load torque). 

Accordingly, the frequency of the rotor emf (current), 
/, = f,8s, may take on various values and, as a consequence, 
the emf in each phase of the rotating rotor will vary in direct 
proportion to slip: 


E,, = 4 A44f,w Dk ys 
or 
Es, = 4. 4Af woDk yes (10-7) 
It is customary to express the emf of a revolving rotor in 


lerms of the emf of the same rotor when it is stationary. 
This can be done, if we take their ratio 


Fia5/ Ee = fo/fr. = fis/fy =S$ 
Then, 
E,, = Eys (10-8) 
As a consequence, the emf of a rotor varies over a wide 


range in the course of operation of the motor. Ats = 1, F,, = 
: E,, whereas at s = 0, it is E, x 0 = 0. 


10-7. The Impedance of the Rotor Winding 


In operation, in addition to the common magnetic flux 
which links both windings, there also exist separate fluxes 
called the leakage fluxes, @, (Fig. 10-16). They are respon- 


{Qe 
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Fig. 10-16. Operation of an in- 
duction{motor with an active 
current injits rotor 





sible for the reactive impedances z, and z,. When the rotor 
is stationary, z, and z, are found as for a transformer (see 


Sec. 9-3), that is 

Lo = OL, = 2nf Le 
When the rotor is revolving, 

Lo, = 2Nf slo 
Therefore, if we take the ratio 


To5/X = fis/fr=s 


we can express the reactive impedance of a revolving rotor 
in terms of the same impedance when the rotor is stationary 


Lo5 — LS (1 0-9) 


As the load on the machine varies, x,, is continually va- 
rying, too, from 
Log = LoS =X, XK1=—2 
to 
Log== 258 = 75 X 0=0 


In normal-type motors, at f, varying from 0 to 50 Hz the 
resistance r, may be deemed constant and independent of 


the rpm (see Sec. 10-10). 


Ch. 10. Alternating-Current Machines 293 


10-8. Currents in the Rofor Winding 


The current in a phase winding of the rotor is decided by 
the emf and impedance of the rotor 


I, = E,,/Vr2 + 22, (10-10) 


As the rpm is varied, the current also varies in magnitude 


as a function of E,, and z, = Yr? + z?,, and in phase as 
a function of the relative values of r, and z.,. At starting, 
so long as the rotor is stationary, /, is a maximum, because 
at s = 1, the emf E., = E,s = E, is also a maximum. The 
phase difference between the current and £, is likewise a 
maximum, because xz, = 8 to 10 times the rotor resistance 
r,. AS soon as the rotor starts revolving, the current and 
phase difference decrease. 





10-9. The Torque of a Motor 


The torque of any a.c. motor is governed by its magnetic 
flux @® and the active current, namely 


T = k,QOI, cos h, (10-11) 


where ky is a constant dependent on the motor design. 

Figure 10-17 shows how a squirrel-cage induction motor 
can be connected to its load. When the knife-blade switch 
is closed, the rotor current J, s:,7; is at first a maxi- 
mum, because a stationary rotor has a maximum emf. How- 
ever, the starting torque is only 50% to 40% of the maximum 
torque. The point is that at starting rz, = 8 to 10% of the 
rotor resistance r,, and the phase difference , between £, 
and I, start is close to 90°. As a consequence, the active com- 
ponent of the rotor current, [6 s¢7; COS ., is small 
(Fig. 10-18). For present-day induction motors, the ratio 
of starting to rated torque is Ts:q7:/T, = 1 to 1.5, with the 
ratio of starting to rated current, I, gart/Ie,n, approxi- 
mately ranging between 4.6 and 6.5. 

After starting, as the motor picks up speed, the slip s 
and the rotor emf £,, decrease, and this brings about a de- 
crease in J,. Since, however, the inductive reactance z,, of 
the rotor also decreases, then at a constant r, the phase diffe- 
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Fig. 10-17. Connection of a_ Fig. 10-18. Vector diagram fo 
squirrel-cage induction motor the rotor circuit 


rence wp, will also decrease, while the active component 
I, cos p, will build up. This signifies that the torque 7 also 
builds up. This build-up will continue until z,, becomes 
equal to r,. At that instant, the right-angled voltage-drop 
triangle becomes an equilateral one (J,7,, = Jr.) (Fig. 10-18), 
the active current /, cos 1p, reaches its peak value, and so 
does the torque (7 = 7,,). As the rpm, n., keeps rising, 
Ze, becomes smaller than r,, and the latter produces an 
increasing effect on the current, so that as E,, decreases still 
more, J, cos%, also decreases, and so does the torque T. 
The ratio 7,,/T, is usually from 1.8 to 2.5, and is called the 
overload capacity of a motor. 

As we have seen, the electromagnetic torque of a motor is 
a function of slip, T = f(s) at V, = constant (Fig. 10-19, 
curve 7). A motor develops its rated torque 7, at a rated 
slip, s, = 0.02 to 0.06. The maximum torque 7’, is develop- 
ed at what is known as critical slip, s, = (approx.) 0.2. At 
s = 1, a motor develops its starting torque T s:ar:.| 

As will be recalled, the magnetic flux ® is approximately 
proportional to the stator voltage V, and 7 is proportional 
to D/, cos p,. So, because J, cos p, is proportional to Eg,, 
@M, and V,, we may write 


T~ViWV,=V? (10-42) 


Or, in words, the torque of an induction motor is proportional 
fo the square of the voltage applied to the stator winding. This 
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Fig. 10-19. Motor torque as a Fig. 10-20. Mechanical charac- 
function of slip teristics of a motor 


relation is essential to the use of induction motors, because 
a fall in the supply-line voltage to, say, 0.8V, , will inevi- 
tably cause the torque to drop from its maximum value to 
0.8°7T,, = 0.64T,,, and the motor will be unable to carry 
even an insignificant overload and will stop. 

The relation n, = f (T) at V, and f held constant is called 
the mechanical characteristic of a motor. In Fig. 10-20, this 
characteristic is plotted in coordinates (n,/n,) x 100% and 
(T/T,) X 100%. Its effective portion between 0 and T, is 
shown by the solid line. Curve 7 plotted when the rotor is 
short-circuited is called the natural characteristic. This is a 
flat characteristic, as in the case of a shunt-wound d.c. mo- 
tor (see Fig. 4-26). 

Curve 2 is called the artificial characteristic. It is more 
drooping than curve /, and it is realized when a series re- 
sistor is placed in the circuit of a phase-wound rotor. This 
resistor can be utilized to control the rpm of the motor (as is 
actually done in crane and hoist drives). 


10-10. Starting of Induction Motors 


So that the windings of an induction motor can convenient- 
ly be connected into a star or a delta at will, their terminals 
are arranged on a terminal plate as shown in Fig. 410-21. 
Each phase of the stator is designed for some specific phase 
voltage V,. So the stator may be connected to two supply 
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(b) 
Fig. 10-21. Arrangement of the Fig. 10-22. Slots usedin induc- 
stator-winding terminals tion-motor rotors 


lines whose rated voltages differ by a factor of 3. For 
example, if the nameplate voltage of a motor is V, = 220 V 
for a delta-connected stator (Fig. 10-21a), then for a supply 
voltage of V, = 380 V the stator windings of the same motor 
must be connected into a star (Fig. 10-216). Another motor 
may likewise operate from supply lines with V, = 380 V 
and V, = 660 V, if its windings are suitably connected. 
r='A squirrel-cage induction motor can be started and stop- 
ped simply by closing and opening a knife-blade switch (see 
Fig. 10-17). A disadvantage of this method of starting is 
that the starting current is rather heavy, being /,,,,,; = 4.5 
to 6.5 times the rated current, while the starting torque is 
relatively small, being 7',,.7, = 1 to 1.5 Ty,. 

As a way to improve the starting performance of squirrel 
cage motors, the circular slots in the rotor (Fig. 10-22a) are 
replaced by deeper ones (Fig. 10-22b). Then, at starting, 
when f, = f,, the current is forced to flow closer to the sur- 
face of the wires, and the resistance of the rotor winding 
increases. This entails an increase in the active current, 
Ta.start COS, (see Fig. 10-18) and, as a consequence, in 
the initial starting torque, 7'5:,;;. In motors rated at 120 to 
150 kW, the slots are made as deep and narrow slits 
(Fig. 10-22c). 
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Fig. 10-23. Starting of a motor Fig. 10-24. Connection of a 
by re-connecting its stator from slip-ring (phase-wound) induc- 
a star to a delta tion motor 


If the stator windings of a motor are delta-connected, they 
may temporarily be re-connected into a star in order to re- 
duce the starting current (Fig. 10-23). This is done by mo- 
ving down the switch 2 before cutting in the knife switch 7. 
The motor is set in motion at a phase voltage V,, reduced 


by a factor of 3, and at a current J,, reduced by a factor 
of 3. After starting, the switch 2 is moved upwards, and the 
motor goes on to operate at V, = V,. This form of starting 
may only be used at no-load, such as in the drive of a fan. 
The point is that the initial torque in this form of starting 


is reduced by a factor of V3 x V3 =3. 

Figure 10-24 shows a starting scheme for a phase-wound 
induction motor. The contact arms 9 of a rheostat J are con- 
nected by wires to the brushes that ride the slip-rings 2 of 
the rotor. To begin with, the rheostat is set to a maximum 
resistance, the knife switch 4 is then closed, and the rotor 
is set in motion. The presence of 7,, in the rotor circuit ser- 
ves to bring down the starting current in the rotor and, as a 
consequence, in the stator to the desired value. As the rotor 
picks up speed, the current in its winding decreases, and 
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resistance of the rheostat is gradually reduced to zero. Ano- 
ther advantage of this starting method is that the increased 
resistance r, + 7r,, = 2, at starting serves to produce a 
maximum /, cos, and a maximum torque as shown in 
Fig. 10-19 (curve 2). Thus, this scheme may be used to start 
a motor at full load. 

To stop the motor in such a case, the knife switch is open- 
ed, and the knob of the starting rheostat is placed to the 
starting position. 


10-11. Speed Control of an Induction Motor 


The speed control of an induction motor by a rheostat in 
the rotor circuit entails heavy losses of power in the rheo- 
stat, if the motor is used in continuous duty. Also, this meth- 
od is only applicable to phase-wound (slip-ring) motors. The 
principle underlying this method of control may be explain- 
ed by reference to Fig. 10-25. This figure shows a sketch of 
a motor and its power diagram where the power P, applied 
to the stator is shown in the form of a flow. The revolving 
magnetic field transfers to the rotor the electromagnetic 
power P,,, = P, — P; = To,, where P, is the iron loss in 
the stator, and w, is the synchronous speed in radians 
(@, = 2nn,/60). The power at the rotor is P, = Pom — 
— Pero: = [w., where P,, ,.; is the copper loss in the rotor 
winding. If we place a rheostat in the rotor circuit of a motor 
operating at 7 = constant, then the power at the rotor 
will be P, = Poem — (Pe. rot + Prn) = Py, where P,,, is 
the power dissipated as heat in the rheostat. Now it is clear 
that w, <Q 5, and the percent reduction in speed is equal 
to the percent loss in the rheostat, which is wasteful of 
power. 

The speed of squirrel-cage motors can be controlled by 


varying the supply frequency f/f, or the number of poles p 
because 


n, = f,60/p 


The frequency f, is varied in special-purpose installations 
only, and is used but seldom. Speed control by variation of 
the number of poles is utilized in multi- (two-, three- and 
four-) speed motors. In such motors, the stator windings 
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Fig. 10-25. Power diag- 
ram of an induction mo- 
to 





have several identical parts in each phase. These parts can be 
connected in series or parallel by a switch in such a way 
that the ensuing redistribution of current changes the number 
of poles, and this leads to a changed speed, n, (8000-1500 
and 1000-500 rpm). This arrangement produces a stepped 
form of speed control. Such motors are used as drives in 
some machine-tools, as this makes it possible to simplify the 
speed-change box of the machines. 


10-12. The Single-Phase Induction Motor 


At power ratings under 0.5 kW, the most commonly used 
type is the single-phase induction motor. Its connection in 
circuit is shown in Fig. 10-26a. It has a main (running) sta- 
for winding, 1, which is similar to two phases of a star-con- 
nected three-phase winding, and a squirrel-cage rotor, 3. The 
alternating current J, in the main stator winding establishes 
a pulsating magnetic field which does not produce any star- 
ting torque. To produce this torque, the stator has an auzi- 
liary starting winding, 2 displaced from the running winding 
through 90°. This winding is connected in series with a 
capacitor to the same supply line as the running winding, 7. 
The current J, in the starting winding is displaced in phase 
from the current J, by a quarter of a cycle. 

The two currents with a phase difference of a quarter- 
cycle and flowing in two windings displaced through 90° 
from each other produce a two-phase revolving magnetic 
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Fig. 10-26. Circuit and connection of a single-phase induction 
motor 


field. In the squirrel-cage rotor, such a field induces emfs 
and currents which interact with the field and produce a 
torque. As soon as the rotor is set in motion, the starting 
winding 2 is de-energized, and the rotor keeps rotating in 
the pulsating magnetic field established by the running 
winding, as a single-phase rotor. 

How this happens can be explained as follows. Let two 
mmfs, F, and F,, constant and equal in magnitude (Fig. 
10-27a) revolve at a speed n, in opposite directions, so that 
they complete one revolution each period (cycle) of the 
current. When the vectors F, and F, take up the positions 
shown in Fig. 10-27a, their sum is F, + F, = 2F,. The axis 
of the resultant mmf is coincident with the axes of the com- 
ponent mmfs. | 

One-sixth of a cycle later (Fig. 10-27b), the mmfs turn 
through 60° in opposite directions; on combining, they give 


a resultant mmf equal to F = F,+ F,. In another quarter 
of a cycle (Fig. 10-27c), theirsum is equal to zero, etc. How- 
ever, the axis of the pulsating mmf remains stationary. 
Hence, two mmfs equal in amplitude and revolving in oppo- 
site directions at an equal speed produce a resultant mmf 
which pulsates at the frequency of the current along the sta- 
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Fig. 10-27. Compensation of a reverse mmf 


tionary axis and alternately reaches a positive and a negative 
peak equal to.the arithmetic sum of the two revolving mmfs. 

Thus, if a single-phase motor were started with its star- 
ting winding 2 open-circuited (Fig. 10-26a), the pulsating 
magnetic field established by the pulsating mmf, F:¢7;, of 
the stator might be deemed to consist of two equal fields 
revolving in opposite directions at the same speed and each 
established by an mmf of its own. These fields would induce 
in the stationary rotor winding two emfs and two equal cur- 
rents which would interact with their respective fields to 
produce two equal torques acting in opposite directions. 
Obviously, the rotor would not rotate under such conditions. 

When the starting winding is energized, the two-phase 
revolving field does produce a torque, and the rotor revolves 
as it does in a three-phase motor, with the field at a speed n, 
approximating n,, that is, at a nearly synchronous speed. 
The field with which the rotor is revolving is called direct, 
and the flux linking the running winding is called the direct 
fluz, @,. 

If, now, we de-energize the starting winding, when the 
motor is already running, the rotor, as already noted, will 
keep running. This happens for the following reason. 

The direct flux ®, induces an emf, £,,4, and a current, 
I,, q in the rotor revolving at the speed n,. The result is the 
production of a direct torque, 74, similar to that in a three- 


phase motor. Now, the slip sg = wt at = (approx.) 0, be- 
1 


cause n, is equal to nm, very nearly. 


The second mmf revolves against the rotor and produces 
what is known as the reverse flux (F, and ®,, respectively).. 
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Relative to the rotor, they revolve at a speed n, + ng = 
= (approx.) 2n,, that is, witha slip equal tos = (n, + n,)/ny= 
= (approx.) 2. The frequency of F, ,-, and [,,,2,, induced by 
the reverse stator flux in the rotor is approximately equal 
to 2f,. Accordingly, the reactive; impedance of the rotor 
winding, Ze,rey = 2nf,l., is so high} that J,],., lags 
behind E,,,¢, by almost 90°. 

Because of the 90-degree phase difference, almost all of 
I, rey iS reactive, and its interaction with @,,, produces a 
very small torque 7,,, which opposes the direct torque. The 
resultant torque is then 


T =Ta—Trey = (approx.) 7g 


and the motor. can operate normally. 

A similar situation arises in a three-phase motor. When 
the motor is running and one of the phases is de-energized, 
the rotor keeps rotating, provided the load does not exceed 
90 to 55% of the rated value. However, such a motor, with 
one of the phases de-energized or open-circuited, will not 
start. 

The reasoning set forth above explains why a three-phase 
induction motor can operate from a single-phase supply line 
(see Fig. 10-265 and c). In this case, as with a three-phase 
motor, the phase voltage V, of the stator winding must 
remain constant in any scheme of connection, that is, 
Vp = Vp, n- To meet this requirement, the motor hasa capacitor 
which is permanently connected in the motor circuit and is 
called the running capacitor, C,. Its value can approximate- 
ly be calculated as follows 

— for the arrangement of Fig. 10-26) 


C, = (approx.) 2800 1,,/V 
— for the arrangement of Fig. 10-26c 
C, = (approx.) 4800 /,,/V 


where J,, is the nameplate phase current and V is the name- 
plate line voltage. If one desires to obtain a high starting 
torque, a starting capacitor C,,,,;; is brought in circuit. 
Where the motor circuit contains a permanently connected 
running capacitor C,, one has what are known as capacitor 
motors. 
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Fig. 10-28. Load _ characteris- 
0 he OF 06 28 10 tics of an induction motor 


The maximum power rating of a capacitor motor is 
1.7 kW, because already at a power rating of 1 kW the cost 
of the capacitor becomes comparable with that of the motor 
itself. 

In comparison with three-phase machines, single-phase 
motors are less economical, have a lower efficiency and 
a lower power factor. 


10-13. Losses in and Efficiency of an Induction Motor 


The losses in an induction motor, as can be seen from 
the power diagram of Fig. 10-25, are made up of the copper 
loss in the stator winding, P,,,; the stator iron loss, P;; 
the copper loss in the rotor winding, P,,,; and friction 
and windage (mechanical) loss Pmegp. 

Then the primary (input) power is 


P,=V3V,I, cos (10-413) 


and the output power (on the motor shaft) is 


P= Py— (Poi t Pit Pe,2+P mech) (10-14) 
Hence the efficiency of the motor is 
n= (P2/P,) x 100% = [(P,— 2P)/P,] x 100% (10-15) 


Motors have a maximum efficiency at rated or nearly 
rated load. Figure 10-28 shows the load characteristics of an 
induction motor, plotted in relative units (per-unit system). 
As is seen, they are not unlike the characteristics of a shunt- 
wound d.c. motor. 
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10-14. Synchronous Machines 


At present-day power stations, mechanical energy is con- 
verted to electricity most exclusively by synchronous gene- 
rators. 

In a synchronous generator, the stator is similar to that 
of an induction machine (see Figs. 10-1, 10-7 and 10-29), 
and the rotor driven by a steam or water turbine at a con- 
stant speed carries a field winding energized with a direct 
current, J;, as in d.c. machines. 

The exciting magnetic field ®,,, established by this 
current is revolving at a constant speed, m, and induces in 
the three-phase rotor winding an emf which is given by the 
already known equation 

Ey= 4, 44 fwDexcko 


If we connect the stator winding across a resistance, 
currents [,, [, and I¢ will be induced in the phases of the 
winding, and the mmfs established by these currents, namely 
F 4, Fg and F<, will combine to produce the resultant mmf, 
F, as has been shown in Sec. 10-2. This mmf establishes 
a flux in the stator or armature, ®,, which revolves at the 
same speed as the rotor. Since the field speed is the synchro- 
nous speed, and both the rotor and field revolve at this 
speed, the machines utilizing this feature are called syn- 
chronous. 

In a synchronous machine, the speed n, the frequency /f 
of the stator current and the number of pole pairs p are 
uniquely connected by a relation of the form 


n = 60f/p 


At f = 50 Hz and p = 1, 2 or 3, n, will be 3000, 1500 or 
1000 rpm, respectively. Synchronous generators driven by 
steam turbines at nm = 3000 to 1500 rpm are called turbo- 
generators. Generators driven by hydraulic turbines are 
called hydrogenerators. At power stations built on rivers 
flowing in plains or utilizing the runoff from water reser- 
voirs, hydraulic turbines are in the low-speed class, and 
a large number of poles have to be used in order to generate 
current at commercial frequency (f = 50 Hz in the Soviet 
Union). For example, the 225-MW, 15.75-kV hydrogenera- 
tors operating at cos g = 0.85 at the Bratsk Hydro have 
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Fig. 10-29. Sketch ofa synch- 
ronous generator 





p = 24 and are designed for n = 125 rpm. At the Krasno- 
yarsk Hydro, the hydrogenerators operate at n = 93.8 rpm 
and have p = 32. 

Figure 10-29 shows the stator and rotor of a salient-pole 
generator. The stator slots, 4, hold the sides of a two-layer 
winding similar to that already discussed (see Fig. 10-7). 
A four-pole rotor carrying the field winding, 7, is driven by 
a prime mover (not shown in the diagram). The exciting 
current is conveyed to the field winding via slip-rings, 3, 
and brushes, 2, from,a separate.d.c. machine called an ezciter, 
or from a controlled rectifier. 

An external appearance of the nonsalient-pole rotor of 
a turbogenerator is shown in Fig. 10-30, and a cross-sec- 
tional view of the rotor, less its winding, in Fig. 10-31. 

The no-load characteristic of a generator Ey, = f (J;) 
at f = constant and J = 0, and also the load (external) 
characteristic at J; = constant and cos g = constant have 
the same shape as for a separately-excited d.c. generator 
(see Fig. 4-22). However, the percent voltage regulation 


Av =o x 100% 


of a synchronous generator is as high as 20 to 40% of the 
rated voltage V,. 

This is because in a synchronous machine, as in a d.c. 
machine, the armature reaction flux @,, shown closed 
across a pole (see Fig. 10-29), has some of its path completed 
along the poles, against the exciting flux ®,,,, when the 
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Fig. 10-31. Rotor of a turbo- 
generator, less its winding, and 
a coil of the field ‘winding 





machine is operating at a :agging current, that is, at cos gy << 
< 1. As a consequence, the resultant flux, O = ®,,, — Q,, 
is strongly reduced, and so are &y and V 

A synchronous machine can operate as a motor to drive 
mechanisms running at a constant speed, such as pumps and 
air blowers. In these applications, they can successfully 
replace induction motors at power ratings as high as hund- 
reds or even thousands of kilowatts. Having an overload 
capacity, 7,,/T,, ranging from 1.8 to 2.5, a synchronous 
motor offers an added advantage in that it can operate at 
a power factor (cos @) of unity. Figure 10-32 shows an ar- 
rangement used to start a synchronous motor. In addition 
to the field winding, J, the pole-pieces carry a short-circuited 
(shading) coil, 4, similar to that of an induction motor. 
Prior to starting, the field winding is connected across 
a resistor, 3, by a switch, 2. The stator, 5, is connected by 
a knife-blade switch, 6, to the supply line, and the revolving 
magnetic flux of the stator induces currents in the shading 
coil and brings up the rotor, as it does in an induction 
motor, to a speed n, nearly equal to n,. For the rotor to 
revolve at n,, that is, at synchronous speed, a constant 
current must be maintained in the field winding. To this 
end, the switch is thrown down in contact with the termi- 
nals of an exciter, 7, and the rotor automatically pulls into 
synchronism, after which load may be put on the motor 
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The vector diagram of such a motor is shown in Fig. 10-33. 
The revolving flux, ®,,,, of the rotor induces a counter- 
emf, £, in the stator winding. If we neglect the resistance 
of the winding, assuming that /,z, approximates J,7, as 
the supply voltage is V; = — (E + /,2,) = (approx.) — 
(Fig. 10-33a). At no-load, P,o_joag = V3 ae 
XCOS Dno-loag is very small and equals the no-load loss in 
the motor. The no-load current, J, no-joag, iS an active 
current and is also small in magnitude, while cos @,5-joaa 
may be equal to unity at sufficient excitation. As load 
on the shaft is increased, the current rises to J,, while 
remaining an active one. 

If we raise the exciting current /,,, (Fig. 10-33b), the 
exciting flux, ®,,,, will rise, and the emf will go up to 
k,+AE. Then an additional current begins to flow in the 
stator winding, given by 


I, — AE/z, 
This is a purely reactive current, because the impedance 
of the stator winding is z, = Yr? + 2? = (approx.) 2. 
208 
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The current J, is in quadrature lagging with AE (Fig. 10-33b) 
and in quadrature leading with V,, so the total current 
of the motor J,,;.: leads V, in phase by an angle q,. 

Quite often, a synchronous motor is used as a synchro- 
nous condenser, when it does not pull any mechanical load 
and has a leading current, J/,,,.,. (Fig. 10-33b). When 
a synchronous condenser is connected in a network with an 
inductive load, it corrects the power factor, that is, creates 
conditions very near those existing at series (current) reso- 
nance (see Sec. 6-10). 

In comparison with static capacitors which are also used 
for power factor improvement, synchronous condensers 
permit adjustment of the leading current, but their power 
loss is greater than in static capacitors and they need atten- 
dance. 

At power ratings of a few hundred watts, synchronous 
motors have no field winding. In such a modification, they 
are called repulsion motors and are used to drive mechanisms 
that must operate at constant speed (in sound motion- 
picture equipment, remote control, etc.). 


10-15. The D.C./A.C. Commutator Motor 


Figure 10-34 illustrates the manner in which d.c./a.c. 
commutator motor is connected in circuit. If the “-+-” and 
“—” terminals of such a motor are connected to a d.c. sup- 
ply line, it will operate as a conventional series-wound 
motor discussed in Sec. 4-17. As will be recalled, if we 
change the direction of current flow in the armature and 


a.C. 


Az 


Fig. 10-34. Connection and cir- 
02 cuit of an a.c./d.c. motor 
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field winding at the same time, the direction of torque will 
remain unchanged. As a consequence, the motor will be 
able to operate normally, if connected to an a.c. supply line. 

However, with an a.c. supply, if no measures are taken, 
a good proportion of power would be dissipated as heat 
in the magnetic circuit, if it were made solid, and the field 
winding when energized with a.c. would have a high induc- 
tive reactance. To avoid this, the frame and poles of a uni- 
versal machine are assembled from electrical-sheet steel 
punchings, like the armature core. They have no commuta- 
ting poles. To bring down the inductive reactance only 
part of the field winding is energized in a.o. operation 
(Fig. 10-34). 

The performance of a commutator motor in operation on 
a.c. is somewhat inferior to that on d.c. 


Chapter Electric Drive 
Eleven and Control Equipment 


11-1. Electric Drive 


The term electric drive applies to an assemblage consist- 
ing of an electric motor, control equipment, and a trans- 
mission from the motor to the driven machine. In conjunc- 
tion with automatic control, electric drive raises the effi- 
ciency of the power plant, improves the quality of the 
product, and makes labour less arduous. 

A crucial matter as regards drives is the correct choice 
of the power rating for the motor that drives the tool (here, 
the word “tool” is used in a wider sense and may apply 
to a machine-tool, a pump, a blower, a crane, etc.). If under- 
rated, the motor will overheat due to overloading, and its 
insulation may break down. If overrated, the motor will 
make the complete plant too expensive and reduce its 
efficiency and power factor. As already noted, the over- 
load capacity of a motor is expressed as the ratio 7’,,/T,; 
it designates the physical limit of power that a motor can 
develop for a short time interval. To avoid sudden stoppage, 
the load torque on the shaft of a motor, that is, the torque 
due to the driven machine, ought not to exceed 7. — 

On the average, 7,,/T, is in the range from 1.8 to 2.5, 
being 2.3 to 3.3 for crane-driving induction motors and 
1.8 to 2.5 for synchronous motors. The limit of overload 
on d.c. motors is set by sparking at the commutator, because 
overload impairs commutation to a point where a ring fire 
may develop around the commutator. In view of this fac- 
tor, their overload capacity is set at 7,,/T, = (approx.) 2.5, 
and for crane motor at 3.0 to 4.0. 
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11-2. Temperature Rise of Electrical Machines 


Electrical machines may operate in continuous, short-time 
and intermittent duty (see below). The values of maximum 
torque only apply to short-time duty. The rated torque at 
which a machine can operate in continuous duty depends 
on the limiting temperature specified for its winding insu- 
lation. Because the heat build-up in a winding depends 
on the load current squared, it is obvious that the rated 
power and current will be higher for a machine whose 
insulation has a higher limiting temperature. 

If a machine is operated at a temperature exceeding that 
specified below, the service life of its insulation and, as 
a consequence, of the machine itself will be cut down. 
In contrast, operation at a reduced temperature will extend 
the service life of both. 

As soon as a machine reaches a temperature exceeding 
ambient temperature, it begins to give up heat to the sur- 
roundings, and this heat flow will rise with increasing 
difference in temperature between the machine and the 
surroundings. The temperature of a machine ceases rising 
when the amount of heat generated in the machine becomes 
equal to that given up to the surroundings. 

In international practice, the insulating materials used 
in electrical machines are divided according to the limiting 
temperature into seven classes. 

1. Class Y. Fibrous materials made from cellulose, cot- 
ton or silk, not impregnated with or immersed in a liquid 
electric insulating material. Their limiting temperature 
is 90°C. 

2. Class A. The same materials as in class Y, but impreg- 
nated with or immersed in a liquid electrical insulating 
material. Their limiting temperature is 105°C. 

3. Class E. Some synthetic inorganic films. Their limiting 
temperature is 120°C. | 

4. Class B. Materials based on mica, bonded by or im- 
pregnated with organic resins or varnishes, Their limiting 
temperature is 130°C. 

5. Class F. Inorganic materials fabricated from mica, 
glass fibre or asbestos in combination with synthetic bind- 
ers or fillers. Their limiting temperature is 155°C. 
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6. Class H. The same materials as in class F, but in com- 
bination with silicone binders and fillers. Their limiting 
temperature is 180°C. 

7. Class C. Mica, porcelain, glass, and quartz with inorga- 
nic binders or without’ any. The limiting temperature is 
180° or so. 

At an ambient temperature of -+35°C, the temperature 
rise for the steel cores and other parts in contact with wind- 
ings using class A and B insulation ought not to exceed 
65 and 85 degrees C. Under the same conditions, the tempe- 
rature rise for the slip-rings is 70 and 90 degrees C, and for 
commutators the respective figures are 65 and 85 degrees C. 
For journal (sleeve) bearings, the temperature ought not 
to exceed 80°C, and for anti-friction bearings, 95°C. 

The limiting temperature, 6, of a motor is the sum of its 
temperature rise, t (which is the excess above ambient 
temperature) and the Fambient temperature, @) = 35°C, 
that is, 0 = t + 0,. As 6, decreases, a motor is likely 
to be overloaded. 


11-3. Selection of Power Rating for a Motor 
in Continuous Duty 


If a motor is pulling a constant load, its rated power 
must be equal to or somewhat exceed the power required 
to ensure the normal operation of the driven machine (which 
Lg be a machine-tool, a pump, a fan, a crane, and the 
like). 

The power ratings of driven machines are found by suit- 
able equations and are given in reference books. 

To determine the power of a motor operating in conti- 
nuous duty, one need have a load curve, J = f (t) (Fig. 141-41). 
For design purposes, the gradually changing curve is rep- 
laced by a stepped broken line, assuming that in time ¢, 
the current in the motor is J,, in time f, it is J,, etc. The 
varying current is replaced by an equivalent current, I,, 
that is, one which will give up as much heat as the stepwise 
varying current over an operating cycle, ¢,. Then 


Prt, = [3r (ty t+... +tp) 
= [jrt,+ [rt, + ...+Jirt, 
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Fig. 11-4. Load curve used to 
select power rating fora motor 
operating in continuous duty 





and the equivalent current is 


L= Tt, + tet... +]itn (11-1) 
‘ V 72S ees 
The rated current of a motor must be equal to or exceed the 
equivalent current, that is, J, >J,. 

For synchronous motors and shunt-wound d.c. motors 
operating at a constant exciting flux, 


T =c,OI ~ I 


This is why motors can be selected on the basis of their 
equivalent torque 


_,/ Ti, 4TH, ...+Tit : 
Pow pe FET Ta ae 


If a motor has a flat characteristic and, as a consequence 
P = Tw ~ T, it can be selected on the basis of its equi- 
valent power 


Pi,=y7/ PintPiat ---+Phtn (41-3) 
V ti+t,t+...+tp, 


If the load curve shows intervals of short-time overloads, 
the selected motor must be tested for its overload capacity. 


11-4. Selection of Power Rating for a Motor Operating 
in Short-Time Duty 


If a motor is allowed to run during an interval f,, during 
which its temperature does not reach a steady-state value, 
and it has time to cool to ambient temperature when turned 
off, it is said to operate in short-time duty (this applies 
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Fig. 11-2. Load curve for a mo- 
tor operating in short-time duty 


to the chucks of metal-cutting machines, water-lock drives, 
bascule bridges, etc.). Then, in accordance with its load 
curve (see Fig. 11-2) it is assumed that 


Ee, tiet... ft, =e 


and 7, is found by Eq. (11-2). Then a suitable catalogue is 
looked up for a motor that is designed to operate in short- 
time duty for intervals equal to ¢,,; and whose torque is 
equal to 7, >T,. The motor thus selected is then tested 
for instantaneous overload current, so that J,,/I, is allow- 
able for the motor in” question. 


11-5. Selection of Power Rating for a Motor 
in Intermittent Duty 


During operation in intermittent duty, a motor does not 
reach its steady-state temperature; neither does it cool to 
ambient temperature when stopped (Fig. 11-3). This applies 
to the motors used in lifts, hoists, excavators and similar 
applications. For such motors, data sheets state their duty 
factor. The duty factor is the ratio of the “on” time to the 
duty cycle, ¢., which is the sum of the “on” time and the 
“off? time (or period), fo;;: 


a_i ttt... t+th 0 r 
DF = 77. Ltt toy % 100% (11-4) 

As the duty factor increases, the rated power decreases 
for a motor of the same size. As a consequence, a motor 
designed to operate for 25% of the cycle at rated power 
must not be left under load for 60% of the cycle at the 
same power. 
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In the Soviet Union, electric motors are built for duty 
factors of 15, 25, 40 and 60%, the nominal figure being 
25%. If the duty cycle does not exceed 10 min, a motor 
is designed for an intermittent duty, using Eq. (41-3). 
Then, in the case of crane motors, the rated power is found 
from a catalogue for the specified duty factor. lf the duty 
factor thus found is other than standard, P,, found by 
Eq. (11-3) must be re-computed in terms of the standard 
duty factor 


Peo —— Ps V DF,/DF, (11-5) 


11-6. Knife-Blade Switches 


Knife-blade switches are used for manually starting 
electric machines and closing d.c. and a.c. circuits at vol- 
tages up to 500 V and currents up to 1000 A. Knife-blade 
switches may be one-, two-, and three-pole. 

Figure 11-4a and b shows a simple knife-blade switch and 
its diagram symbol (accepted in the Soviet Union). It has 
contact blocks, 2, set up on an insulating base, 7, to which 
are connected the wires, 3, of the circuit being controlled. 
The metal blades, 4, of the switch are attached to the lower 
hinge jaws. Figure 11-4b shows a three-phase knife switch 
in which the blades are joined by a cross bar, 39, so that the 
blades are cut into their respective break jaws all at the 
same time. The switch is operated by a handle, 6. 

When a knife-blade switch opens an energized network, 
an arc, 7, strikes between the upper break jaws and the 
blades. This arc might melt or burn the contacts. Because 
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Fig. 11-4. Simple knife-blade 
(b) switch 





of this, the knife-blade switch shown in Fig. 11-4 can only 
be used as a disconnecting or isolating switch in a.c. circuits 
operating at not over 220 V, that is, as a switch opening 
a circuit at no-load. 

So that a knife-blade switch can open a circuit under 
load, it is fitted with arcing contacts (Fig. 411-5). When 





(a) (b) 





Fig. 11-6. De-ion grid 
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the circuit is being opened, the first to break are the main 
blades, 7. They are followed by auxiliary, or arcing, 
blades, 2, operated by a spring. Because the action is very 
quick, this type is called a quick-break switch. In this 
form of switch, the arc is extended and quenched. 

Switches used to open a.c. circuits operating at 380 and 
000 V and d.c. circuits operating at 220 V and more under 
load are fitted with arc-extinguishing features. One such 
device is a de-ion grid (Fig. 11-6). The de-ion grid, 3, is 
assembled of steel bars placed above the main contacts, / 
and 2, and enclosed in an arc-chute made of asbestos cement, 
ceramic materials and the like. The arc that strikes when 
the switch is being opened is driven by electrodynamic 
forces and by the flow of hot air into the de-ion grid where 
it is split up into a multiplicity of small arcs. An arc requires 
a definite voltage for its existence. If it is divided into 
a number of smaller arcs such that the voltage between 
contacts 7 and'2 is less than the voltage required to maintain 
the individual arcs, the latter will rapidly die out. At vol- 
tages of 220, 380 and 500 V, de-ion grids and switches are 
completely enclosed in protective cases. 


11-7. Packet Switches 


The size of switchgear used for manually closing and 
opening electric circuits operating at 220 V and 380 V d.c. 
and a.c. and a direct current of 10 to 400 A can be reduced 
through the use of packet switches (Fig. 11-7a). 

The wires of the supply line are connected to stationary 
contacts, 3, set up on fixed decks of an insulating material, 2. 
When a quadrangular shaft is rotated by a handle, 5, the 
movable contacts, 4, arranged on the shaft can take up two 
positions displaced from each other by 90°, as shown in 
Fig. 11-7b and c. These are double (or split) contacts so 
arranged that they grip the stationary contacts from above 
and below. In the position shown in Fig. 11-70, the stationary 
contacts are connected together (“shorted”) by the movable 
contacts. In the position shown in Fig. 11-7c, they are 
disconnected from each other (“open-circuited”). This rea- 
soning applies to the three decks, 2, stacked one upon another. 
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Fig. 11-7. Packet switch 


There are also hard-fibre disks, 6, lying in the same 
plane and rotating together with the movable contacts, 4. 
In the position shown in Fig. 11-7c, the discs clamp the 
stationary contacts from above and below. The function 
of the hard-fibre discs is to extinguish the arc that strikes 
when the contacts are opened. When the arc strikes, it de- 
composes the hard fibre with the liberation of hydrogen, 
carbon dioxide and water, which fact leads to a fast ex- 
tinction of the arc. As the handle, 5, is rotated, a spring 
mechanism installed under the cover, 7, forces the contacts 
apart, thereby cutting down the time required for opening 
the circuit. 


11-8. Starting and Control Rheostats 
for Electric Motors 


The functions that rheostats perform and the manner in 
which they can be connected in a circuit are discussed in 
Chapters 4 and 10. Basically, rheostats are used to control 
current and are assembled from standard elements which are 
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Fig, 11-8. Resistance elements 





Fig. 11-9. Resistor assembled from cast-iron sec- 
tions 


resistors set up on an insulating baseplate. The resistors 
are wound with constantan, manganin, nichrome, fechral, 
and steel wire or ribbon, or they may be cast-iron sections. 
Some of the element types fabricated, from wire and ribbon 
are shown in Fig. 11-8a and b. They are wound on and 
insulated from a steel former, 7, by porcelain or steatite 
riders, 2. Figure 11-8c shows a cast-iron resistance element 
such as are used in resistance boxes (Fig. 11-9). 

In contrast to resistance boxes, rheostats have a switching 
device to control their resistance (Fig. 11-10). 

When the handle, 2, is turned on the cover, 7, a shaft, 3, 
is rotated together with its brushes, 4. Leads from the 
sections, 6, are taken to terminals arranged in a circleon 
an insulating baseplate, 5. The rheostat terminals are 
located under a box, 7, and the entire structure is immersed 
in an oil-filled tank for cooling. 
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Fig. 11-10. Rheostat 


Apart from the most commonly used metal rheostats, 
there are also liquid rheostats such as, for example, used to 
start slip-ring induction motors. A liquid rheostat is a tank 
holding an amount of electrolyte (usually, water with the 
addition of 8 to 10% of soda), and metal plates insulated 
from one another and dipped in the tank. This form of rheos- 
tat provides continuous control. The resistance of a liquid 
rheostat is proportional to the separation between the 
plates and inversely proportional to the immersed surface 
of the plates. 


11.9. Control Switches 


Control switches* are devices which are used to bring 
resistors in and out of circuit in order to start, stop or 
reverse motors. A control switch (the switching mechanism 
proper) is usually built into a case which is installed sepa- 
rately from the box-enclosed resistors it switches (see 
Fig. 11-9). In contrast to a multipole knife-blade switch, 
a control switch closes and opens different circuits at dif- 
ferent times, in a predetermined sequence. Figure 11-11a 
shows a top view of one element of a cam-type control switch. 

A vertical frame, 3, mounts a plastic insulator, 2, which 
gives support to a stationary switch contact, 7. A wire, 


*Sometimes, they are also called controllers, master switches or 
switch starters.— Translator’s note. 
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Fig. 11-11. Cam-type control (or master) switch 


12, conveys to this contact the current from a cable lug, 
11, in the controlled circuit. The base of a movable con- 
tact, 4, is another plastic insulator, 5, which is free to 
rotate on a pivot, 6. This contact is connected to the second 
cable lug, 14, of the controlled circuit by a wire, 13. The 
movable contact, 4, is loaded by a spring, 8, which tends 
to force it against the stationary contact, J. The movable 
and stationary contacts are closed and opened, as the shait 
is rotated, by a cam, 9, mounted on a vertical shaft, 10, 
opposite a roller, 7. A typical control switch has a set 
of cam segments mounted along the shaft, ZO, and their 
number depends on the manner in which the associated 
motor is started. 

In the starting scheme for a slip-ring induction motor 
shown in Fig. 11-116, the control switch (or the switch 
starter) has nine switch elements (J, IJ, III, IV, V, VI, 
VII, VIII and IX). Schematically, they are shown in the 
same figure. The cover of the control switch case bears 
numerals which designate the positions (J, 2, 3, 4, 5, for- 
ward, reverse) into which the handle rotating the shaft, 
10, can be placed. In the diagram of Fig. 11-11b, the closed 
contact elements are marked by solid dots in the respective 
positions. 


21-0215 


322 Part One. Electricity 


In the “O” position, the stator is connected to the supply 
line at terminal S2, the rotor circuit contains resistors 
r, Tg and rs connected in a star, and the motor is de-energi- 
zed. In the “/ — forward” position, switch elements JJ and IV 
close, the stator is energized, and the motor starts rotating 
at full resistance in the rotor circuit. As the handle is moved 
to the “2” position, the next, switch element, V, closes 
and shunts part of the resistor r,;. As the handle is consecu- 
tively moved to the “3”, “4” and “5” position, switch ele- 
ments VI, VII,‘VIII and IX close in turn, thereby shunting 
the resistors in all the phases of the rotor. 

When the handle is turned in the reverse direction, 
switch elements J and JJI operate instead of elements JJ 
and IV, so that two phases in the stator circuit are inter- 
changed, and the motor is reversed. The rotor circuit is 
switched in the same sequence. 


11-10. Fuses ee 

Fuses are devices which protect circuits and apparatus 
against short-circuit currents. In the case of a short-circuit, 
the fuse link made of copper, zinc, lead or silver melts 
and opens the circuit. 

Zinc, lead and its alloys melt at a low temperature (200° 
to 240°C), but they have a low conductivity, so fuse links 
made from them must of necessity have a large cross-sec- 
tional area. Copper fuse links have a good conductivity, 
but they melt at a fairly high temperature (960° to 1080°C). 
Silver fuse links are expensive aid are used at voltages 
over 1000 V and low currents. Most commonly, use is made 
of copper fuse links silvered for protection against oxida- 
tion, with lead or tin globules called “dilutants” soldered 
onto the silver plating (see below). 

Figure 11-12a and b shows an external appearance and 
a sectional view of a plug-type fuse. A plug fuse consists 
of a porcelain container enclosed in a thin-walled threaded 
metal sleeve, 4, called the base, which screws into a thread- 
ed fuse receptacle, 3. From the terminal, 7, the current 
path is through a metal plate, 2, fuse receptacle, 3, threaded 
(or screw) base, 4, fuse link, 5, contact, 6, to the opposite 
terminal, 7. When the fuse (Fig. 14-12c) should be replaced, 
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Fig. 11-12. Plug fuse 


it can be unscrewed by the container, without having to 
touch its current-carrying parts. Plug fuses are manufac- 
tured for voltages up to 380 V and currents up to 60 A. 

Figure 11-13a shows a cartridge fuse. It consists of a hard- 
fibre tube, 3, enclosing a fuse link, 6, and installed like 
the blade of a knife switch in contact jaws, 2, set up on an 
insulating baseplate, Z (Fig. 141-130). The tube is tightly 
stopped at both ends by brass terminal caps, 4, to which 
are made knife-blade contacts, 5. They are used for con- 
nection of the fuse-link terminals and insertion into the 
jaws, 2. A short circuit causes the link to melt at several 
narrow places at a time, which fact speeds up the extinction 
of the arc. Also, the arc decomposes some of the hard-fibre 
into a mixture of hydrogen, carbon dioxide and steam. 
The pressure inside the tube rises to 107 Pa (100 kgf/cm?), 
and the arc is rapidly quenched. | 

Figure 11-14 shows a sand fuse used for voltages up to 
000 V at currents from 100 to 600 A. Basically, it consists 
of a fuse case, 5, completely filled with quartz sand, 6, 
which surrounds fuse links, 7, made of fine copper ribbons 
and attached to knife-blade contacts, 3, with which the 
fuse is held in contact jaws, 2, set up on an insulating 
baseplate, 7. The jaws keep the sand filler in place; the fuse 
case is stopped by a cap, 4. Midway along their length, the 
fuse links have tin straps, 9, soldered to them. When an 
overload occurs, the tin straps melt and enable the copper 
links to blow at a faster rate. In the case of a short-circuit, 
the links blow at perforations, 8. 


zi 
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Fig, 11-13. Cartridge fuse Fig. 11-14. Sand fuse 


In circuits carrying currents from 15 to 60 A, use is made 
of sand fuses having an integral case. When a fault occurs, 
an arc is formed; it comes in contact with the fine sand 
(grains) which rapidly cools it, so the arc is de-ionized and 
goes out quickly. 


11-11. Automatic Air Circuit Breakers 


An automatic air circuit breaker is a switching apparatus 
used for manually closing and automatically or remotely 
opening the associated power circuit or network under load. 
In a.c. networks, they are installed if the voltage is up 
to 500 V, while in d.c. networks they are used even at 
higher voltages, if switching operations occur not more 
than a few times in 24 hours. Automatic circuit breakers 
are fitted with a release (also known as a trip) mechanism 
or simply a release. 

A release (Fig. 11-15a through c) has a moving system 
actuated by devices utilizing electromagnetic or thermal 
effects of current. 

Figure 14-15a@ shows an overcurrent release. When the load 
current exceeds a predetermined value, the electromagnet, 
1, attracts the armature, 2, and releases a latch, 3, while 
spring, 4, forces the main contacts, 5, of the circuit breaker 
to separate. Figure 11-155 shows an undervoltage release. 
Here, the electromagnet, 7, releases its armature, 2, in the 
case of a reduction in voltage or a complete voltage failure, 
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ig, 144-15. Circuits of releases 


so that the latch, 3, is released, too, and the power circuit 
is interrupted. In a reverse-current release (Fig. 11-15c) the 
latch is released when the direction of current flow is revers- 
ed and the total mmf of the series (current) and shunt 
(voltage) coils changes sign, so the power circuit is opened. 
The time required for a circuit-breaker to open ¢, is 0.05 
to 0.025 s. An undervoltage circuit-breaker is usually set to 
operate (to open) at V = 0.4 V,,. 


11-12. Contactors 


A contactor is a switch capable of closing and opening 
the associated circuit(s) up to 1500 times an hour. They 
are used in d.c. and a.c. circuits operating at up to 1000 V. 
They give no short-circuit or overload protection, so they 
must be used in conjunction with protective devices. Con- 
lactors are set to operate at 0.85 to 1.03 the rated voltage V,, 
and will automatically de-energize the associated electric 
installation, should the voltage drop to 0.5 or 0.6 of its 
rated value. 

Figure 11-16 shows an a.c. three-pole contactor for cur- 
rents from 20 to 600 A. Its operate time ranges from 0.05 
to 0.4 s. 

When the “start” button in the control circuit is pressed, 
the coil of a solenoid, 8, is energized, the core, 7, attracts 
the armature, 3, and an insulated shaft, 7, rotates in bear- 
ings (not shown in the diagram). This causes the movable 
and stationary contacts (2 and 6, respectively) in the power 
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Fig. 11-16. Arrangement 
of a contactor 





circuit to close, and the motor, 9, is set in motion. At the 
same time, a bridge, 4, rotates to separate the lower inter- 
lock contacts, 5, and to close the upper interlock contacts— 
these interlock contacts lock the contactor in the energized 
position, and now the “start” button may be released. 
According to their action, the upper interlock contacts are 
called make (or normally-open, N.O.) contacts, and the lower 
interlock contacts are called break (or normally-closed, N.C.) 
contacts. When the “stop” button is pressed, the solenoid, 
8, is de-energized, and the main contacts, 2 and 6, break. 
The main contacts are enclosed in arc-chutes. In a.c. con- 
tactors, the magnetic flux in the solenoid, 8, periodically 
passes through zero value, and this might cause chatter 
and hum. To avoid this, a shading ring (which is a shorted 
turn) is placed around a portion of the coil core, in which 
a current is induced as in the secondary winding of a trans- 
former, this current being shifted in phase relative to the 
current in the solenoid, 8. At the instants when the main 
flux passes through zero, the flux due to the shading ring 
‘prevents the armature to drop out. 


11-13. Relays 


The forms. of electric devices we have so far. discussed 
are designed for operation in power circuits and can switch 
currents over 5 to 10 A. Devices designed for lower currents 
and for operation in control (rather than power) circuits 
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Fig. 11-17. Arrangement of an Fig. 11-18. Arrangement of a 
electromagnetic current relay time relay 


at low voltage are called relays. They have simple control 
contacts and no arc-extinguishing features. 

More specifically, a relay is an element in a d.c. or a.c. 
control circuit, which operates instantaneously or with some 
delay after the controlled quantity (which may be current, 
voltage, and so on) reaches a preset value. The minimum 
current causing a relay to pick up or to drop out (that is, 
its contact to make or break) is called its operate current. 
The maximum current causing a relay to reset (that is, its 
contact to take up their initial condition) is called its 
release (or drop-out) current. 

Figure 11-17 illustrates the operation of an electromagnetic 
current relay. When the current in the coil, 7, placed in the 
power circuit controlled reaches the operate value, the 
clectromagnet armature, 3, is attracted to a pole-piece, 2. 
As a result, contacts, 6 and 7, make, and contacts, 10 and J/, 
break. The movable contacts, 7 and 20, are mounted on 
a lever, 3, by means of plastic blocks, 9, and springs, 8. 
The operate current is set by adjusting the tension of the 
opposing (or control) spring, 72, with a nut, 5, and also by 
varying the air gap in the solenoid with a screw, 4. 

Figure 11-18 gives a schematic representation of an 
clectromagnetically delayed time (or timing) relay (some- 
times called a timer). This relay releases to its de-energized 
position with a fairly large delay (up to 5 s) after removal 
of voltage from the terminals of its coil, 7. The relay is 
shown in the energized position, prior to the opening of the 

contacts, 8, in the auxiliary circuit. 
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In more detail, the time relay operates as follows. The 
magnetic circuit, 2, of the relay has a shading sleeve, 3, 
in which a decrease in the excitation flux ®,,, establishes 
(by Lenz’s law) a current and a flux ®,,, which tend to 
maintain the collapsing flux Dexc. So, when the voltage V 
1s removed, the armature, 6, is not released by the core 
af the coil at once. The greater the tension of the spring, 4, 
adjustable with the nut, 5, the greater the flux @,,, at 
which the relay will operate and, as a consequence, the 
shorter its release time. This time can also be adjusted by 
varying the thickness of the brass plate, 7, known as an 
armature stop. 

There are also a large variety of thermal relays. In most 
cases, they use a bimetallic thermal element, that is, a com- 
bination of two metal strips differing in thermal coefficient 
of linear expansion and welded together along their length. 
When the bimetallic element is heated, the difference in 
expansion causes it to flex. In doing so, the bimetallic ele- 
ment actuates the device that closes or opens the associated 
electric circuit. The bimetallic element can be heated either 
directly by the current flowing through the whole or part 
of the strip, or indirectly, by a separate heater. A simplified 
presentation of such a relay is shown in Fig. 141-19. 

A U-shaped bimetallic strip, 7, is mounted on a pivot, 2 
and connected in series with the main contacts, 3, in the 
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controlled power circuit. The right-hand end of the bimetal- 
lic strip bears upon a coil spring, 4, attached to an insulat- 
ing block, 5, which carries the movable silvered auxiliary 
(break) contacts, 6, placed in the control circuit. The left- 
hand end of the bimetallic spring is attached to the setting 
mechanism, 8S, which is intended to adjust the operate 
time of the relay by pre-flexing the strip. 

When the current J in the power circuit reaches the ope- 
tate value, the bimetallic strip flexes, and the coil spring 
rapidly rotates the plastic block on its pivot, 9, thereby 
separating the auxiliary (N.C. or break) contacts in the 
control circuit. As a result, the solenoid, 10, is de-energized, 
and the main contacts in the power circuit are caused by 
another spring, /7, to separate. The relay is reset manually, 
using a button, 2. 


11-14. Motor Control Circuits 


For all its clarity, the diagram illustrating the operation 
of a contactor in Fig. 11-16 is elaborate and difficult to show 
in a drawing. This is why in practice use is made of diag- 
rams in which all elements of an apparatus are shown by 
symbols. Some of these symbols appear in Fig. 11-20. The 
switching devices are shown in the de-energized position, 
that is, in the absence of current in any part of the circuit 
or of any external forces acting on the movable parts of 
a mechanism. 

Most often, control circuits are shown (in Soviet practice) 
-unctionally distributed, that is, in the various parts of the 
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Fig. 11-20. Some circuit symbols 
(a) relay, contactor, or magnetic starter coil; (b) relay, contactor, starter contacts, 
auxiliary normally open (N.O. or make) contacts, auxiliary normally closed 


(N.C. or break) contacts, auxiliary make-break contacts; (c) momentary buttons: 
normally open, normally closed, break-make; (d) thermal-relay heater element 
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circuit according to the electrical connection existing be- 
tween them, rather than as actually arranged in an apparatus. 
The main (power) circuits are shown separately from the 
auxiliary (control) circuits. 

In a diagram, each device is assigned a distinct letter 
symbol (for example, in Russian, K stands for a contactor, 
TT for a current transformer, etc.), the basic rule being 
to assign the same letter to the component elements of a de- 
vice as it has in the main (power) circuit. 


11-15. Control of a Three-Phase Squirrel-Cage 
Induction Motor by a Magnetic Starter 


A magnetic contactor (that is, one operated by an electro- 
magnet) may be used to control three-phase induction 
motors. In such a case, it is often called a magnetic starter. 
Its detailed diagram, based on Fig. 11-16, is shown in 
Fig. 11-21. In the diagram, the main (power) and auxiliary 
(control) circuits are shown separately. The power circuit 
contains fuses to protect the motor against short-circuit 
currents, and also the main contactor contacts and the 
heaters, 72 and 72, of the thermal relays protecting the 
motor against overload. 

The control circuit is a series combination of the fol- 
lowing elements: a “start” button, Start, a “stop” button, 
Stop, the contactor electromagnet coil and the thermal- 
relay normally closed (N.C.) contacts. The “start” button 
is shunted by normally open auxiliary contacts which close 
at the same time with the main contactor contacts. 

When the “start” button is pressed, it completes a closed 
loop in the control circuit, running from the terminal 
marked L3, via the contactor electromagnet coil, the “start” 
button, the “stop” button, the contactor electromagnet, 
the N.C. contacts of the thermal relays T/ and T2, to ter- 
minal L2. Now the “start” button may be released, because 
it is shunted by the N.O. auxiliary contacts, which close 
the same instant as the main contacts do so in the power 
circuit. To stop the motor, it is enough to press the “stop” 
button. This will interrupt the control circuit, and the 
main contacts of the contactor will break. 
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Fig. 11-21. Control of a three-phase squirrel-cage induc- 
tion motor 


When an overload occurs, the thermal-relay heaters 
cause the respective N.C. contacts to break in the control 
circuit, while the main contactor contacts open the power 
circuit. The “_|” symbols above the relay contacts repre- 
sent the manual-reset buttons to the energized position. 


11-16. Control of a Three-Phase Squirrel-Cage 
Induction Motor by a Reversible Magnetic Starter 


So that a motor can be made to run in the forward and 
reverse direction at will, one can install two contactors 
in the power circuit (Fig. 11-22), one to start it in the for- 
ward direction, “FC”, and the other in the reverse direc- 
tion, “RC”. As in the circuit of Fig. 11-21, short-circuit 
protection is provided by fuses, and overload protection 
by thermal relays, TZ and 72. 

In addition to a “stop” button, the control circuit contains 
two more buttons to start the motor in the forward direction 
and in the reverse direction. They have auxiliary normally 
open (N.O.) contacts. There are also N.C. thermal-relay 
contacts and reset buttons shown above these contacts. 

The motor is started forward by pressing the “F” button, 
which causes its upper contacts to break and the lower con- 
tacts to make, thereby establishing a current path in the 
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Fig. 11-22. Control of a three-phase squirrel-cage induc- 
tion motor, uSing a reversible magnetic starter 


control circuit from terminal Z3, via the “stop” button, 
the closed upper contacts of the “R” button, the closed lower 
contacts of the “F” button, the main forward contactor coil, 
the N.C. thermal-relay contacts to terminal L2. As a result, 
the main forward contacts close, and the motor starts rotating. 
The reverse contactor, RC, cannot operate, because there is 
no current path through its coil. The same instant as the 
main forward contacts close, the auxiliary contacts of the 
“F” button make, and the button may be released. When 
the “stop” button is pressed, the supply circuit to the forward 
contactor coil is interrupted, and the motor comes to a stop. 

If, without pressing the “stop” button, we press the “R” 
(reverse) button, its upper N.C. contacts will break before 
the lower contacts make. As a result, the “forward” control 
current path is interrupted and the “reverse” control current 
path is completed. As is seen, these two control paths are 
interlocked. In the reverse current path, the current flow 
is from terminal Z3, via the “stop” button, the closed lower 
contacts of the “R” button, the closed contacts of the “F” 
button, the “reverse” contactor coil, and the thermal relays’ 
contacts to terminal ZL2. The “reverse” contactor’s main 
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contacts make, and the motor starts running in the “reverse” 
direction. Now the “R” button may be released, because 
its N.O. auxiliary contacts make at the same time with the 
“reverse” contactor’s main contacts and lock the contactor 
in the energized position. 


11-17. Starting of a Two-Speed Squirrel-Cage 
Induction Motor 


A two-speed induction motor may have either two wind- 
ings, each corresponding to a particular rpm, or one wind- 
ing which can be switched to any of two speeds. The diagram 
of Fig. 11-23 shows the latter case. For the lower speed, the 
delta-connected stator winding is connected to the supply 
line at its terminals marked S4, SS and S6. For the higher 
speed, it is connected into two stars in parallel which are 
then connected to the supply line at the terminals marked 
SI, S2 and S3. At either speed, the motor delivers the 
same power. This type of motor is used in the drives of 
metal-cutting machine-tools. 

From Fig. 11-23 it is seen that the power circuit of the 
stator contains a low-speed contactor LC and a high-speed 
contactor HC, and also fuses, and the heaters of thermal 
relays. The control circuit contains the normally-closed 
“stop” button, the “H” (high-speed) start button, the “ZL” 
(low-speed) start button, the normally-open auxiliary con- 
tacts of these two buttons, the two contactors’ electromagnet 
coils, and the normally closed contacts of the thermal relays. 

When the “ZL” button is pressed, its upper contacts break 
and its lower contacts make. As a result, the following 
current path is set up in the control circuit: from the “stop” 
button, via the upper contacts of the “H” button, the lower 
contacts of the “L” button, the electromagnet coil and the 
normally closed contacts of the thermal relays. The main 
contacts make and the motor is allowed to run at the lower 
speed. Now the “ZL” button may be released, because the 
established circuit will be maintained by closure of the 
normally open auxiliary contacts. 

When the “H” button is pressed, the control circuit is 
interrupted, the main contacts break, and so do the N.O. 
auxiliary contacts. Then the lower contacts of the “H” 
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Fig. 11-23. Starting of a two-speed squirrel-cage induc- 
tion motor 


button make, thereby establishing the following current 
path in the control circuit: from the “stop” button, via the 
contacts of the “H” button, the contacts of the “L” button, 
the contactor’s coil and the N.C. contacts of the thermal 
relays. As a result, the main contacts of the high-speed 
contactor close, and so do the normally opened auxiliary 
contacts of the “H” button, with the result that the motor 
changes to the higher speed. Now the “H” button may be 
released. 


11-18. Automatic Starting of a Three-Phase Slip-Ring 
Induction Motor 


The starting arrangement for a three-phase slip-ring 
induction motor is shown in Fig. 11-24. As is seen, the 
stator winding is connected to the supply line via a line 
contactor, LC, and the rotor is connected to three identical 
pairs of resistors, r,; and r,, connected in a star. Starting 
is done by means of acceleration contactors, ACZ and AC2, 
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Fig. 11-24. Automatic starting of a three-phase slip-ring 
induction motor 


acceleration current relays, ARZ and AR2, and a time 
relay, TR. 

When the “start” button is pressed, the line contactor 
coil is energized, and the line contactor’s main contacts 
make. The line contactor’s normally-open auxiliary contacts 
also make, thereby shunting the “start” button, and it may 
now be released. At the same time, the time-relay coil 
is also energized, and the time relay closes its contacts 
with a delay. By the time the time-relay contacts make, 
the acceleration relays, ARIZ and AR2, have time to operate 
and to open its normally closed contacts. 

When, in going down, the rotor current reaches the drop- 
out value for the relay AAJ, the latter's contacts make, 
allowing a current to flow through the coil of the accele- 
ration contactor. As a result, the main contacts of this 
contactor close and short out the resistors r,. At the same 
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time, the normally open contacts of the first acceleration 
contactor close and shunt the normally closed contacts 
of the first acceleration relay. The contacts of the second 
acceleration relay cannot make, because the reset current 
for that relay is lower than that for the relay AR/J. 

Some time later, after a second current inrush in the 
rotor, it drops to the drop-out value for the second starting 
step. The contacts of the second acceleration relay make, 
a current begins to flow in the coil of the second acceleration 
contactor and its main contacts close. The resistances r, are 
shorted out at the same time as the contacts of the relay 
AR2 in the control circuit are shunted by the normally 
open auxiliary contacts of the second acceleration contactor. 
Now the rotor of the motor is short-circuited, and the 
motor is fully under way. 


Chapter Electric Power 
Twelve Transmission 
and Distribution 


12-1. Industrial Distribution Networks 


In most cases, industrial enterprises draw their power 
from a power transmission system. 

According to a plant’s requirements in power and some 
other factors, electricity is delivered to users at voltages 
of 110, 35, 6 or 0.4/0.23 kV*. 

When a factory is a considerable distance from a power 
station or a substation of a power transmission system, 
power is transmitted at a higher voltage for economical 
operation. So, at the factory, the incoming voltage has 
first to be applied to a step-down substation where it is 
reduced from 35 or 110 kV to 6-10 kV (Fig. 12-1). Then, 
power is distributed among the substations in the factory’s 
departments and shops. These substations are equipped 
with 6-10 kV switchgear, to which are connected cable 
lines energizing high-voltage motors and transformers which 
step it down to a voltage of 0.4 to 0.23 kV. From the trans- 
formers the power is distributed over internal networks of 
the respective department or shop, operating at a rated 
voltage of 380 V or 220 V (these may be electric motors, 
lighting, and the like). 

When a factory is supplied with a voltage of 6 to 10 kV, 
power is fed to the factory’s main distribution centre, MDC 
(Fig. 12-2), over one or two cable or (although seldom) 
overhead lines; the number of lines at the same voltage, 
taking power from the main distribution centre to the 
transformer substations in the individual departments and 
shops is usually greater. 


* These figures apply to Soviet practice.— Translator’s note, 
22-0215 
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Medium factories which have no H.V. loads take their 
power from power-system step-down substations at 6 to 
40 kV directly to their own transformer substations from 
which the voltage stepped down to 0.4-0.23 kV is fed to the 
distribution centres, DC, in the departments and shops. 

At small factories with a low installed capacity, power 
from a power system is taken at 0.4-0.23 kV to a low-voltage 
distribution centre, whence it is distributed to the various 
departments and shops*. 

At factories, power is distributed from the main distribu- 
tion centre or a transformer substation to the distribution 
centres in the departments and shops either over a radial 
network (i ig. 12-3) or a loop network (Fig. 12-4). 

Among the disadvantages of a radial network distribu- 
tion system are high cost and reduced security of service, 
because a fault in the distribution system disrupts all 
service. On the merit side, it should be noted that a radial 


* The rated terminal voltage of step-down transformers must be 
0.4-0.23 kV, so that allowing for the voltage loss in the distribution 
network, the load terminal voltage is 0.38-0.22 kV. 
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network is simple to operate, protect and control automa- 
tically. 

Among the merits of a loop network distribution system 
are low cost and improved security of service, so long as the 
loop is held completed. Once the loop is opened, the security 
of service is low. 

At factories with critical loads, the security of service is 
usually enhaneed through the use of a loop network energi- 
zed at two ends from different transformers (or substations). 

To minimize voltage variations in luminaires that might 
be caused by heavy starting currents in induction motors, 
the lines and networks are sometimes separated into power 
and lighting. 

At a rated supply-line voltage of 380/220 V, motors are 
connected to the line wires (to obtain 380 V), and lighting 
fixtures are connected between the neutral and line wires 
(to obtain 220 V). 

Shops with a small number of high-power motors use 
a radial network distribution system (see Fig. 12-3). 

Departments and shops widely use the radial network 
distribution system—simple and inexpensive and employing 
bare steel buses along which loads are connected where 
necessary. 


12-2. Industrial Transtormer Substations 
and Switchgear 


Switchgear and transformer substations for 35-110 kV 
are ordinarily of the outdoor type, with all equipment set 
up in the open. If, however, the air in the locality is laden 


20% 
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with substances detrimental to electrical equipment, switch- 
gear and substations for the same voltages are of the indoor 
type, that is, set up inside a building. Outdoor devices are 
less expensive than indoor types, and take less materials 
and time for their erection. 

Wide use is made of metal-clad switchgear and trans- 
former substations. 

Metal-clad switchgear and transformer substations have 
their component units built into metal cells; this is why they 
are called metal-clad installations. 

Cells for metal-clad switchgear are fabricated and the 
electrical equipment is built into them at factories. Usually, 
a range of cell types is manufactured, enabling the user 
to assemble a switchgear installation or a transformer 
substation to his specifications. This cuts down both the 
time and money required for the construction of an electri- 
cal installation. 

An outdoor industrial transformer substation for, say, 
36/6-10 kV service will typically consist of a transformer 
(see Fig. 9-20) which is connected to a 35-kV overhead power 
transmission line via fuses and disconnecting (isolating) 
switches. The transformer secondary is connected to the 
buses of an outdoor metal-clad switchgear installation. 

The circuit and a sectional view of a metal-clad switch- 
gear cell are shown in Fig. 12-5. From buses, 7, current 
flows through a bus isolator, 2, an oil circuit-breaker, 3, 
a current transformer, 4, a line disconnecting switch, 9, 
to the bushing of a cable or overhead line which delivers 
it to the buses of a department’s or shop’s substation. 

A factory’s main distribution centre which takes power 
from a power transmission system at 6 to 10 kV is usually 
set up in a single-storey building and consists either of 
a metal-clad switchgear cell (see Fig. 12-5) or a cubicle 
assembled from prefabricated metalwork. 

As is with the main distribution centre, the substation 
in a department or a shop uses cubicles assembled from 
prefabricated metalwork or factory-assembled and wired 
metal-clad transformer cells. 

The arrangement of equipment at a department (shop) 
substation is shown in Fig. 12-6. A transformer for a rated 
voltage of 6/0.4-0.23 kV and a distribution power board 
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Fig. 12-8. ; Transformer-loop Fig. 12-9. Packaged four-unit 
package ‘ distribution board 


are installed in adjacent rooms. Power is conveyed to the 
transformer by cable, 7, via a lever-operated disconnecting 
switch, 2. The secondary leads of the transformer are brought 
out via a disconnecting switch, 4, with a lever operating 
mechanism, 5, to the buses of the distribution board. Also 
connected to the same buses are cable lines to energize the 
lighting circuits and a bus to feed electric motors. Each 
line has a fuse and a knife-blade switch, and the motor bus 
circuit is protected by an automatic circuit-breaker. The 
motor bus way is brought out through a hole in the wall 
to the adjacent production area. 

The low-voltage distribution boards for department sub- 
stations may be either front-serviced or front-and-back- 
serviced and of either frame or frameless construction. 
Frame-type boards use panels from steel sheets or sheets 
of some insulating material, for example, asbestos-cement. 
Frameless boards use only sheet-steel panels. 

A frame-type front-and-back-serviced board and the 
circuit of a panel are shown in Fig. 12-7. . 3 

To cut down the cost of equipment, use is made of a simp- 
lified type of department substation which has no distri- 
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bution board (Fig. 12-8). Instead, current from the trans- 
former flows via an automatic circuit-breaker directly 
to a bus whence it is distributed among the individual loads 
(motors). 

Departments with small groups of medium-size loads 
use distribution centres (Fig. 12-9) assembled from indivi- 
dual cells or boxes enclosing knife-blade or other types 
of switches and fuses. 


12-3. Industrial Power Networks 
‘a}) Overhead and Cable Power Networks 


Electric power is transmitted by a system of wires which 
is called a power line if it has no parallel branches, and 
a power network, when it does have parallel branches. 

According to the Soviet code for power installations, 
power lines and networks are classed into those for voltages 
up to 1000 V and into those for over 1000 V. 

According to the function(s) they perform, power lines 
and networks are further classed into transmission ones 
which convey power from a station or substation to distri- 
bution centres, and into distribution ones which convey 
power from distribution centres to loads. 

A further classification of networks is into overhead, 
cable (or underground), and internal. 

Overhead lines are less expensive to build than under- 
ground lines, and they are simpler and more convenient to 
operate and service because any fault will readily be de- 
tected during an inspection. Unfortunately, they are more 
dangerous and less reliable than underground lines. Over- 
head lines are predominantly erected on open land and in 
sparcely populated localities. 

An overhead power line consists of line conduetors, insu- 
lators and supports. The conductors are fastened on the 
insulators, and these are attached to the supports. 

Overhead lines for a voltage of 35 kV and higher use 
bare aluminium or steel-reinforced aluminium conductors, 
strings of suspension insulators (Fig. 12-10), and metal, 
reinforced-concrete or wooden supports (Fig. 12-11). The 
spacing between the line conductors must be sufficiently 
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large, so that the air gap between them will not break down 
even when the conductors are swinging in the wind. 

Lines for a voltage of 35 kV and lower often use pin 
insulators (Fig. 12-12). 

Figure 12-13 shows a service entrance for an overhead 
line, using a porcelain bushing. 

Overhead power lines for voltages not over 1000 V mainly 
use aluminium or steel-reinforced aluminium conductors (for 
example, a steel-reinforced aluminium conductor may con- 
sist of six aluminium wires each 1.8 mm in diameter and 
one steel wire of the same diameter). 

The conductors are installed on low-voltage porcelain 
insulators (Fig. 12-14) screwed onto pins or the vertical 
part of hooks with which the insulators are mounted on sup- 
ports. To meet the requirements for mechanical strength, 
aluminium conductors must have a cross-sectional area of 
at least 16 mm?. The conductors are attached to the neck 
or (although seldom) head of insulators by soft galvanized 
steel wire about 1 mm in diameter. 

Lines for voltages not over 1000 V use reinforced-concrete 
or wooden supports about 9 m tall. A wooden support (or 
pole, as it is usually called) may be in one or two pieces. 
{In the latter case, the lower end of a support is made fast 
to a reinforced-concrete or wooden stub pole (Fig. 412-15) 
by a binding of six to eight turns of steel wire about 4 mm 
in diameter. Supports are erected at intervals of 30 to 80 m, 
and the conductors are strung so that they are at least 5 m 
above the ground, at least 20 cm from one another in a hori- 
zontal plane, and at least 40 cm in a vertical plane. 

Underground lines are used in urban areas and within 
the premises of industrial enterprises. They use cables. 
A cable consists of conductors, an insulation, a hermetic 
sheath or jacket, and an outer covering. The number of 
conductors varies from one cable to another, and the con- 
ductors can be fabricated from copper or aluminium, round 
or sectoral in cross-section. Each conductor may be from 
1 to 240 mm? in cross-section, the smaller values applying 
to cables for voltages not over 1000 V and the larger values, 
to voltages from 1000 V to 35 kV. 

The conductors of a cable are insulated with cable paper 
impregnated by an oil-resin compound, rubber or poly- 





Fig. 12-10. String of suspen- Fig. 12-11. Wooden pole for a 
sion insulators three-phase H. V. power trans- 
mission line 








Fig, 12-12. Pin-type insulator Fig. 12-13. (Service entrance 
for 35 kV for a line 





SMA 





(2) (4) 


Fig. 12-14. Attachment of a conductor to a low-voltag porcelain 
insulator (a) and attachment of the insulator on a hook (6) 
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Fig. 12-15. Wooden pole with 
a stub for a line limited to 
1000 V 





ethylene. The hermetic sheath or jacket fabricated from 
lead, aluminium, plastic or rubber is intended to protect 
the cable against ingress of moisture. Protection against 
mechanical damage is provided by an armour of two steel 
tapes or galvanized wire. The armour or sheath is covered 
by jute fibre impregnated by asphalt compound as a pro- 
tection against attack by chemicals. 

It will be useful for the reader to know how cables are 
marked in the Soviet Union. Each type designation includes 
reference to the material of conductors, sheath and covering. 
For example, the letter A at the beginning of a type designa- 
tion stands for aluminium conductors. No letter symbol 
is used in the case of copper conductors. The second letter 
refers to the material of the protective sheath. For example, 
the Russian letter “C” stands for “lead-covered” and the 
second letter “A” for “aluminium-covered”. The letter “Bb” 
in the third position may designate an armour or asphalt 
covering. For example, the designation “AAb” identifies an 
aluminium-conductor, aluminium-covered, asphalt covered 
cable. The designation “ACb” identifies an aluminium-con- 
ductor, lead-covered, steel-armoured cable, jute-and-asphalt 
covered. An ACBI cable differs from the last one in that 
it has no jute-and-asphalt insulation over its steel armour 
(this fact is indicated by the Russian letter “I” for “bare”). 

Figure 12-16 shows the construction of a three-conductor 
cable for installation in cable tunnels and ducts inside 
a building. Under the ground, cables are laid in trenches 25 
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Fig. 12-16. Type CBI three- 
conductor cable 


1—cable conductors; 2—paper in- 
sulation over conductors; 3—fillers; 
4—paper belt insulation; 5—lead 
sheath; 6—paper-asphalt covering; 
7—cable yarn; 8—armour ofj two 
steel tapes 


Fig. 12-17. Termination of a 
three-conductor cablein a steel 
cone 

1—steel cone: 2—insulated conduc- 
tor; 3—asphalt compound; 4—imp- 
regnated-tape covering; 5—impreg- 
nated-tape serving; 6—half-clip for 
attachment: 7—ground wire; s—cab- 


le lug 


to 50 cm wide and 70 to 80 cm deep from ground level, 
or in underground headers. 

At the ends, cables are joined by means of lead or cast- 
iron couplers filled with a compound. The ends of cables 
connected to machines, transformers or other apparatus are 
terminated in cable cones (Fig. 12-17) filled with a compound, 
or they may be terminated “dry”, without couplers. 


{b) Indoor Wiring 


Indoor wiring uses conductors, cords and buses. 

A conductor is a wire or combination of wires not insu- 
lated from one another, suitable for carrying a single electric 
current. It can be insulated by rubber, PVC or impregnated 
cotton braiding. 

A cord is a combination of two or more very flexible 
conductors insulated from one another. 

A busbar is a rolled conductor of copper, aluminium or 
steel, flat or (although seldom) round in section. 
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Braid 
(a) 





Fig. 12-18. (a2) TIP cord; (6) IP or AIIP con- 
ductor 


Conductors, cords and cables may be single- or multi- 
stranded, and strands may be single- or multi-wire types. 

In the Soviet Union, the standard sizes for conductor 
and cable strands are 0.5, 0.75, 4.0, 41.5, 2.5, 4.0, 6.0, 
10, 16, 25, 35, 50, 70, 95, 120, 150, 185, 240, 400, 500, 
625 and 800 mm’. 

In Soviet practice, the following types of conductors, 
cords and cables are used for lighting and power circuits: 

(1) IIPJ]: flexible, two-wire, cotton-braided, rubber- 
insulated copper conductor (Fig. 12-18a). Comes in sizes 
from 0.75 to 6 mm? in cross-sectional area, limited to 380 V. 

(2) IIP and AIIP: a single-wire, impregnated cotton- 
yarn-braided, rubber-insulated conductor of copper (in the 
former case) or aluminium (in the latter case) (Fig. 12-180). 
Come in cross-sectional sizes from 0.75 (IIP) or 2.5 (AIIP) 
to 400 mm?’, limited to 660 V. 

(3) ITIP’: the same as type IIP, but a more flexible stran- 
ded-wire conductor. 

(4) IIB and AIIB: differ from types IIP and AIIP solely 
in that they have PVC jackets. Come in cross-sectional 
sizes from 0.75 to 95 mm?; limited to 660 V. 

(5) ITB: a flexible, PVC-jacketed conductor. Comes 
in the same cross-sectional sizes as type IIB, limited to 660 V. 

(6) UIP: is a two-conductor, rubber-insulated cord for 
the same applications as type IIP]], but has a greater 
flexibility (Fig. 12-18a). Comes in sizes from 0.5 to 1.5 mm?; 
limited to 220 V. 

(7) ITTIIB and AIIIIB: flat, two- or three-strand copper or 
aluminium conductors in PVC jackets. Come in sizes from 
0.75 to 2.5 mm? (IIIB) and from 2.5 to 4 mm? (AIIIIB); 
limited to 660 V (Fig. 12-19). 
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Fig. 12-19. Flat two-conductor 
wire, IIJJB or ATIIIB 





(8) BPI? and BPB:a rubber-insulated, PVC-jacketed 
cable, with steel-tape armour in the latter case. May have 
two or four conductors with a cross-sectional area of 1 to 
185 mm’. Limited to 500 V. 

-. (9) HPP and AHPY: a plastic-jacketed, rubber-insulated 
cable with copper (HPI) or aluminium (AHPI) conductors. 
Made with one, two, three or four conductors each with 
a cross-sectional area of 4 to 185 mm?; limited to 500 V. 

The applications and installation methods for basic types 
of conductors and cables are listed in Table 12-4. 

Copper and aluminium conductors (separate or in cables) 
can be terminated and joined by compression, welding or 
soldering (brazing). 

When a conductor is terminated in a lug or is joined 
to the end of another conductor by a compression joint, 
its end is inserted into the tubular part of a lug in the former 
case, or the ends of the two conductors are enclosed in 
a sleeve (connector) of the same material in the latter, and 
the joint is completed by applying pressure to the sleeve 
or lug with a hand compression tool or a hydraulic press. 

Electric welding is mainly used to joint or terminate 
aluminium conductors. 

Soldering (brazing) is used when compression and weld- 
ing cannot be applied. Copper conductors are joined by 
soldering in the flame of a blow-torch, using tin-lead solder 
and rosin. Aluminium conductors are soldered by zinc-tin 
solders. 

Industrial power circuits are most often wired, using 
cables, busbars or insulated wires in steel conduits or on 
insulators. 

Industrial lighting circuits have predominantly wires in 
steel conduits, wires on insulators or knobs (open wiring) 
or suspended from a steel messenger cable (messenger-cable 
suspension). 
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cable by means of cleat 


Fig. 12-20. 








Closed busway 


12-23, 


Fig. 


Fig. 12-22. Open busway 





Fig. 12-24. Various modifications of messenger-cable suspension 
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Cable may be run open or concealed. In the former case, 
they are installed on walls or ceilings where they are held 
in place by cleats (Fig. 12-20). In the latter case, they are 
run in underfloor raceways (Fig. 12-21). Cable termination 
is discussed in Sec. 12-3a. 

Busbars can be installed in open and closed bus-ways. 
An open bus-way (Fig. 12-22) is an assemblage of steel 
structural supports attached to walls, columns, ceilings 
or joists and fitted with insulators to carry busbars. Bran- 
ches to loads are made with conductors or cables. 

A closed bus-way (Fig. 12-23) is a steel duct enclosing 
busbars set up on insulating comb-shaped supports. As 
a rule, they are assembled from standard sections 3 m long. 
Branches from a closed bus-way are made with suitable tap 
boxes attached to the main duct. A tap box may enclose 
either only terminals for branch wires, or cartridge fuses 
and terminals from which power is taken to loads over in- 
sulated wires in steel rigid or flexible conduits. Bus-ways 
are mounted on steel-tubing supports or brackets attached 
to supports or columns, or suspended from girders or joists 
by steel hangers. 

In locations with explosion or fire hazard, conductors 
are run in steel conduits. The conduits must be air-tight, 
and the connected apparatus and luminaires must be explo- 
sion-proof. 

In production areas with ramified electrical networks, 
underfloor conduits are used. Terminations, connections and 
taps are made with the aid of steel tap boxes. 

Installation of insulated wires and cords on knobs and 
other insulators is now used but seldom. 

Industrial lighting circuits are often installed, using 
messenger-cable suspension. Several modifications of this 
technique are shown in Fig. 12-24. A messenger-cable sus- 
pension span is assembled in advance, complete with all 
the luminaires and conductors, and then installed in its 
permanent location by means of support hooks or rod hang- 
ers secured at the ends of the span. 

The conductors used for messenger-cable suspension are 
of special types, made integral with an insulated messeng- 
er cable. Taps in such cases are made with tap boxes also 
suspended from the messenger cable. 


n 





(b) 





Fig, 12-25. Wiring with IIIIB wire 
(a) straight run; (b) curving; (c) tap box; 
ection o 
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Fig, 12-26. Group lighting hoard 


(d) con- 


ee 


mg fs 
9 


356 Part One. Electricity 


At present, lighting circuits in residential locations are 
most often made with flat insulated wires (such as types 
IIIB and AIIIIB). They can be run in the open or concealed. 

Flat conductors are simple and convenient to install. 
In the case of concealed wiring, they are laid under plaster, 
using no additional protective covering. In open wiring, 
they can be attached to a wall or ceiling by special grades 
of cement or simply nails. Figure 12-25 shows details of 
such wiring. 

In addition to wires, a lighting circuit includes lamp 
holders, socket outlets, switches and fuses or automatic 
circuit breakers to protect the network against short-cir- 
cuits. 

Several fuses mounted on a common baseplate make up 
a group fuse-box (Fig. 12-26). 


(c) Determination of Conductor Cross-Section on the Basis 
of Maximum Allowable Temperature 


In determining the size (cross-sectional area) of a con- 
ductor, one needs to know the power rating (or rated power) 
of the associated load P,, usually stated on its nameplate 
(hence, another name for it is the nameplate power), the 
installed load capacity P;, defined as the sum of the rated 
powers of all the individual loads, and the design power P,, 
that on which all calculations are based. For these powers, 
there are respective and identically named currents symbo- 
lized as J,, J;, and Iq. 

In practice, it never happens that all loads are turned 
on at the same time. Also, motors are never carrying a full 
load all the time. So, in calculations, one proceeds from 
the design power P, which is only a fraction of the total 
installed load capacity. 

The ratio of design power to installed load capacity is 
called the demand factor 


kg = PglP; or kg = 14/1; (12-4) 


The values assigned to the demand factor are unity for 
external lighting circuits, 0.7 to 0.8 for residential lighting 
circuits, and 0.7 to 0.9 for industrial networks. 
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For a lighting load, the design current for a single-phase 
a.c. circuit or a d.c. circuit is 


Ta = kyP /V a P4/V 
and for a three-phase circuit 
Tg=kgPilV 3 V =P4lV 3V 


In a cold-metal-working shop the demand factor is unity 
in the case of one or two motors, 0.8 in the case of four 
motors, and 0.6 in the case of six (this is power load). 

The rated current for d.c. and three-phase motors is 
respectively given by 

I,=P,/Vy and 1,=P,/V3Vy cos @ (12-2) 


where 7 is the efficiency of the motor. 

The values of y and cos @ for motors are taken from refe- 
rence sources or handbooks. In approximate calculations 
for low-power motors (not over 10 to 12 kW), the product 
of ny and cos m may be taken equal to 0.7-0.8. 

Then the design current of motors is 


[g=kah, = kal; 


As a rule (in Soviet practice), the conductor size on the 
basis of maximum allowable heating is chosen from tabula- 
ted data similar to those given in Table 12-2 which specifies 
the values of /,,,, in continuous duty for the standard sizes 
of various conductors. 

The maximum allowable current for a conductor must be 
not less than its design current 


Imax 2 la (12-3) 
Thus, one chooses the wires with a cross-sectional area for 


which the maximum allowable current is equal to or some- 
what greater than its design current. 


Example 12-1. Given: A three-phase, loop network ope- 
rating at 220 V, feeding three motors rated at P,, = 4.9 kW, 
Pi, = 2.8 kW, and P,, = 3.5 kW. To find: The design 
current; select the size of IIP conductor laid in conduits, 
on the basis of maximum allowable temperature, 

Solution, 
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Table 12-2 


Maximum Allowable Load Currents for Insulated Copper 
and Aluminium Conductors and Cables 


Maximum allowable load current, A* 


open ne Types Hee roy IIB, oH 
. os copper, types A an in single 
Size, | OPeD Wiring, | cppr, BPr, | conduit, and IXHB as con-| Bare 


types rar single 
2 
mm TIP, TPL, BPBI,, TIIP® cealed wiring connie: 
IIB, IIIB, = tore: ran 
AlIP, AIIB e 3- outdoors 
|  2-conductor | 3-conductor 
conductor 


1 17/— — — 16/— 15/— — 
1.5 23/— 19 19 19/— 17/— — 
2.90 30/24 27 20 27/20 29/19 — 

4 41/32 38 39 38/28 30/28 50/40 

6 90/39 00 42 46/36 42/32 70/55 
10 80/55 70 ah) 70/50 60/47 95/79 
16 100/80 90 75 85/60 80/60 130/105 
20 140/105 115 99 115/85 100/80 180/135 


30 170/130 140 | 120 135/100 125/95 220/170 
00 215/165 175 | 145 185/140 170/130 270/215 
70 270/210 215 | 180 229/175 210/165 340/265 


* The numerator specifies load current for copper and the denomina- 
tor for aluminium conductors. 


The installed capacity is 
P, = 4.5 + 2.8 + 3.5 = 10.8 kW 


The design current in the loop network is 
Ig = kagP; x 1000/1.73Vy cos @ 
= 0.9 x 10.8 x 1000/(1.73 x 220 x 0.73) 
=30 A 
This design current, J, = 35 A, is the same as the maxi- 
mum allowable load current, Jmay = 30 A, for a IIP wire 
laid in a conduit (see Table 12-2) with a cross-sectional 


area (size) of S = 4 mm’. So we choose this size for the 
specified service condition. 
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The conductor size thus chosen must be checked for voltage 
loss. 


(d) Determination ef Conductor Size on the Basis of Voltage Loss 


As will be recalled (see Sec. 2-10), the voltage loss is 
defined as the arithmetic difference of the voltages at the 
start and finish of a line, that is 


AV=V,—V, 


Often, the voltage loss is expressed as the percentage 
of the input voltage and is called the percent voltage loss: 


e = (AV/V) x 100% (12-4) 


The maximum allowable percent voltage loss between 
a substation and a lighting load is 2 or 3%, and a power 
load, 4 to 6%. 

In Sec. 2-10, we have derived an equation (2-33) which 
gives the conductor size for a d.c. two-wire line 


= 2Il/yAV 
On replacing AV by the percent voltage loss, we get 
S =2 x 100J1/yeV 


or, by multiplying and dividing by V, we may re-write it as 


S = 2 x 100Pl/yeV? (12-5) 
Hence, 
e = 2 x 100Pl/ySV? (12-6) 


Equations (12-5) and (12-6) are used to determine the 
conductor size(s) for a loaded line on the basis of the speci- 
fied voltage loss or, conversely, the percent voltage loss 
on the basis of the specified conductor size. 

These equations are applicable to d.c., single- and three- 
phase networks. In the latter case the factor 2 in the nume- 
rator must be discarded, V is the line voltage, that is, 
V = V,, and P is the active power in a three-phase load. 


Example 12-2. Given: A three-phase line operating at 
V = 220 V, using type ITIP wire 15 m long and 4 mm? in 
cross-section, feeding three motors rated at P,; = 4.5 kW, 
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Fig. 12-27. Line feeding three 
loads 





P, = 2.8 kW and P, = 3.5 kW (see Example 12-1). To 
find: The voltage loss. 

Solution. 

The power in the supply circuits of the three motors 


operating at rated load is 


P = Py/y, + Poly. + P3/ns 
= 4,5/0.85 + 2.8/0.85 + 3.5/0.85 
= 5.34+3.3+ 414 = 12.7 kW 


The design power is 

Using Eq. (12-6), we may write 
e = 100P gl/ySV? = (100 x 11.5 x 1000 x 15)/(57 x 4 x 

x 2207) = 2% 

Thus, the percent voltage loss does not exceed the allowable 
limit. So, the conductor size chosen on the basis of maxi- 
mum allowable heating (maximum allowable load current), 
S = 4 mm’, is acceptable. 

Suppose a line is conveying power from a load centre, 
A‘(Fig. 12-27), to several loads at different locations. Then, 
if all the segments of the line use the same conductor size 
and material, the conductor size for two-wire d.c. and 
single-phase a.c. lines may be found by the following equa- 
tion 

9g 2100 (Pils + Pale + Pals + +++) 
_ yeV2 
=2 x 1002Pl/yeV2 (12-7) 
and the percent voltage loss by the following equation 
2100 (Pyl,-+ Palp + Palg+ .-.) 
_ ySV2 
= 2 X 1002Pl/ySV2 (12-8) 
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In the case of three-phase lines, conductor size and percent 
voltage loss are found by equations which differ from (12-7) 
and (12-8) only in that there is no factor 2 in their numera- 
tors. 

The last two equations differ from (12-5) and (12-6) 
in that the product Pl, called the load moment, is replaced 
by the sum of load moments (see Fig. 12-27). 

The conductor size found on the basis of maximum allow- 
able load current and meeting the requirement for allow- 
able voltage loss is then checked for mechanical strength. 
In our case, this can be done by reference to Table 412-3. 


Table 12-3 


Minimum Conductor Size Satisfying Mechanical Streng th 
Requirements 


Size, mm2 
Conductors and wiring type 
copper | aluminium 
Wires to lighting fixtures 0.5, 1 — 
Wires in flexible conduits for mobile 
loads 1, 2.5 en 
Insulated wires indoors, on insulating 
supports spaced apart by, m: 
up to f 1.0 2.5 
up to 2 1.5 2.5 
up to 6 2.5 4 
up to 12 4 40 
over 12 6 16 
Bare conductors indoors, insulated and 
bare conductors, protected, outdoors : 
on walls 2.5 4 
in all other cases 4 40 
Insulated conductors in conduits 1 9.5 
Overhead lines limited to 1000 V 6 16 
Overhead-line drop wires with 25 m to 
support 4 40 





12-4. Safety Grounding 


It has been found that, when allowed to pass through 
a human body, a current of 50 mA is dangerous and a cur- 
rent of 100 mA and higher is lethal to man, It is also known 
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that the strength of current depends on the voltage across 
and the resistance of a circuit. So the risk of an electric 
shock rises with increasing voltage and decreasing resistance 
of the human body. Damp or wet spots on the skin, conta- 
mination of the skin with current-conducting substances 
and damp or wet footwear increase the risk of an electric 
shock. Conversely, the resistance of the human body can 
be enhanced and the risk of an electric shock reduced by 
wearing rubber gloves and footwear, and using rubber mats. 

Lethal outcomes have been recorded at voltages under 
60 V. So, the safe voltage for portable lamps and instru- 
ments used in a dry room with a wooden floor is assumed 
to be under 36 V, while for locations with a damp or hot 
atmosphere, in boilers, tanks, and similar situations the 
safe voltage is not over 12 V. A very important requirement 
in all cases is that one of the secondary terminals of the 
step-down transformer feeding the above loads and its 
frame must be grounded. 

To prevent attending personnel from contact with live 
parts, use is made of enclosures, fences and interlocks for 
both the equipment proper and for the locations where 
the equipment is installed. 

To protect attending personnel from an electric shock 
that might be caused by an inadvertent contact with the 
metal parts of an electric plant, such as the frame of a motor 
or of a switchboard, normally supposed to be de-energized, 
resort is made to safety grounding. 

Safety grounding is an intentional connection provided 
between ground and the metal parts of equipment, normal- 
ly not under voltage. Connection to ground is made by 
means of grounding electrodes which are conductors in direct 
contact with the soil. 

In three-phase networks with the neutral grounded 
(Fig. 12-28), contact with the ungrounded frame of a motor 
in which the insulation of a phase is damaged would cause 
a current of J, = V/(rings + r,) to flow through the human 
body (the circuit is completed through the insulation resis- 
tance of the other phases), which is dangerous, because the 
insulation resistance may happen to be low. 

If, on the other hand, the frame of the motor is grounded 
(Fig. 12-29), the current that would flow through the dama- 
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Fig. 12-28. Contact with an Fig. 12-29. Contact with a 
ungrounded motor frame grounded motor frame 


ged insulation and grounding connector would be 


I, ae Vi (Tins + Tg) 


and the voltage between the motor frame and ground would 
be V, = /,r,, and it would decrease with decreasing resis- 
tance of the grounding. Should a person touch the frame 
of the motor, he will be connected in parallel with the 
grounding resistance, so the voltage across him will be low, 
V,< V, and the risk of an electric shock will be avoided. 

For example, at r, = 4 ohms and the human body's 
resistance of 40,000 ohms, the current flowing through the 
body will be one-ten thousandth of the current flowing 
through the grounding electrode. 

In networks with the neutral wire ungrounded, safety 
grounding is installed as shown in Fig. 12-30, making sure 
that the grounding resistance does not exceed 4 ohms; 
if the supply generator or transformer is rated at over 
100 kVA, the grounding resistance must be not over 10 ohms. 

Grounding can be obtained by connection to the metal- 
work of a building, the pieces of equipment in intimate 
contact with the soil, pipelines (except those carrying gas 
or imflammable liquids) buried in ground. In the absence 
of such items, use may be made of steel pipes 2 or 3 m long, 
30 to 40 mm in diameter with a wall thickness of at least 
3.0 mm, or angle iron with a leg size of at least 4 mm. There 
should be at least two grounding electrodes driven into 
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Fig. 12-30. Three-wire system Fig. 12-31. Four-wire system 
with the neutral wire grounded with a solidly grounded neut- 
ral wire 


the soil so that the upper end of an electrode is 0.4 to 1.5m 
below ground level, and interconnected to each other by 
welded steel strips at least 4 mm thick. 

All grounded parts of an electrical installation are con- 
nected to grounding electrodes by conductors made of steel 
strips with a minimum cross-sectional area of 24 mm? and 
a minimum thickness of 3 mm, or steel rounds at least 5 mm 
in diameter. Grounding conductors are connected to pieces 
of equipment by welding or bolts, and painted an assigned 
colour (violet in the Soviet Union). 

Electrical installations intended to feed both lighting 
and power loads ordinarily use four-wire lines operating 
at 380/220 or 220/127 V. The fourth, or neutral, wire is 
grounded at both the source and the load (Fig. 12-31) via 
a very low resistance, so it is, naturally, at ground (or 
nearly zero) potential. This neutral wire is used for con- 
nection of the metal parts of the equipment normally not 
under voltage. These may be the frames of motors, trans- 
formers, and luminaires, the windings of instrument trans- 
formers, the metal frames of switchboards, etc. 


Fig. 12-32. Set-up to measure 
the grounding resistance by an 
ammeter and a voltmeter 
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When one of the phases, for example a is grounded, 
a fault to ground occurs, and a fuse or an automatic circuit 
will disconnect the faulty phase from the source. The phase 
voltages of the phases, V, and Vg, will remain unaffected. 

The state of grounding must be inspected at least once 
a year and its resistance, rz = V/I, measured using the 
ammeter-voltmeter method (Fig. 12-32), where G is the 
grounding electrode under test, AG is an auxiliary ground, 
and Pb is a probe which is a grounded metal rod for connec- 
tion of a voltmeter. 


Part Two. _ Basic Electronics 


Electronics is that field of science and engineering which 
deals with (1) the electronic and ionic processes taking 
place in a vacuum, gases, liquids, solids, the plasma, and 
at their interfaces; (2) the design and properties of electron 
devices (those in which conduction is by electrons or ions 
through a vacuum, gas or semiconductor); and (3) the 
application of such devices, electronic circuits and units 
in various divisions of science, industry, communication, 
etc. 

To a considerable degree, electronics owes its advances 
to the progress made by radio engineering. In fact, the two 
fields have been developing in parallel, because a good 
many electron devices have served as building blocks for 
radio equipment and systems. In turn, the problems posed 
by radio engineering have spurred the search for novel 
types of electron devices. 

In brief, the eventful history of electronics may be sum- 
med up as follows. During the period between 1904 and 
1913, first the diode, then the triode appeared, and the 
invention of the triode was followed by that of oscillators. 
Between 1924 and 1931, the tetrode, pentode, hot- and 
cold-cathode thyratron made their appearance, and many 
improvements were made in vacuum tubes and their manu- 
facture. Between 1926 and 1932, first the copper-oxide, 
then the selenium rectifier was invented. 

In the 1930s and later, a good deal of effort was put into 
semiconductor electronics. In 1948-1951, the point-contact 
and junction germanium transistors were made, and in 
1959-1960, the thyristor was devised. 
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Naturally, all of these inventions have been accompanied 
by further advances in their theory and design, including 
the older vacuum and gas-filled tubes and the newer semi- 
conductor devices. 

Until about 1950, electronics had mainly relied on va- 
cuum and gas-filled tubes. Recently, there has been a grow- 
ing trend towards the use of semiconductor devices as they 
are smaller in size and weight, draw less power, are more 
rugged, and more reliable. This does not, however, imply 
that semiconductor devices will ever oust vacuum and gas- 
filled tubes completely. There will always be situations 
where tubes may be preferable much as semiconductor will 


be in other. 


Chapter A General Outline 
Thirteen of Electronic Processes. 
Electron Devices 


13-1. Classification and Use of Electron Devices 


Vacuum tubes* are defined as ones in which conduction 
is by electrons moving through a high vacuum, so, they 
cannot collide with gas molecules. They include, for exam- 
ple, vacuum diodes and triodes, some photocells (or photo- 
tubes) and cathode-ray tubes. 

Vacuum tubes are used in rectifiers, amplifiers, oscil- 
lators, radio receivers, automatic control systems, tele- 
metry and telecontrol, measuring instruments and compu- 
ters. 

Gas-filled tubes are those in which conduction is partly 
by electrons and partly by ions produced as electrons ionize 
the filling gas or mercury vapour. The main types of gas- 
filled tubes are thermionic (or hot-cathode) tubes, thyra- 
trons, and mercury-pool tectifier tubes such as ignitrons. 

Because ions are heavy, gas-filled tubes suffer from an 
appreciable time lag and can only be used in circuits operat- 
ing at frequencies of several kilohertz, such as medium- 
and high-power rectifiers, or automatic control circuits. 

Solid state electron devices are mainly based on semicon- 
ductors in which conduction depends on the movement of 
electrons (negative charge carriers) and holes (positive 
charge Carriers). 

Solid-state electron devices are finding ever increasing 
use owing to the advantages they offer over vacuum and gas- 
filled tubes. Their main virtues are as follows: they draw 
little power, are small in size, light in weight and low in 
cost, mechanically strong, have a long service life, and are 


* Usually called “valves’ in UK usage.— Transtlator’s note. 
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simple to operate and maintain. In some fieldsfof radio and 
power engineering, automatic control systems, telemetry 
and telecontrol, and computers, they vie successfully with 
vacuum and gas-filled tubes. 


13-2. The Motion of Electrons in an Electric Field 


Assume that an electron released by the cathode of a tube 
with initial velocity v = 0 is moving in a uniform electric 
field of strength 6 (Fig. 13-1). Then, the force that the 
field exerts on the electron is 


F=e6=eV/d (43-1) 


The direction of this force is opposite to that of the field 
because the charge of the electron is negative. The force F 
imparts the electron an acceleration a which is proportional 
to F and inversely proportional to electron mass m 


a= F/m = e€/m = (e/m) (V/d) (13-2) 


where e/m = 1.6 x 10-19C/9.1 x 107%! kg = (approx.) 41.76 
<x 101! C/kg is the ratio of electron charge to electron mass. 
This is an accelerating field because the direction of its 
force F coincides with that of electron velocity v. 
Owing to its uniformly accelerated motion, the electron 
reaches the plate of the tube at a speed v and a kinetic 
energy 


W = mv*/2 (13-3) 


The electron has gained this energy along the path length 
d, as the field has done on it the work given by 


W = Fd=eéd=eV = mv?/2 (13-4) 


Therefore, the energy of the electron is equal to the work 
done by the field in moving the electron between two elect- 
rodes with a potential difference V. 

Taking the charge of an electron equal to unity at V = 1 V, 
we shall obtain the unit of electron energy, which is called 
the electronvolt (1 eV). 

Since the charge of an electron is 1.6 x 10- C, 


1 eV =1.6 x 10°78 C x 1 V = 1.6 x 10°” J 


24—0215 
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Cathode Fig. 13-1. Electron in an ac- 


celerating electric field 


On the basis of Eq. (43-4), the velocity of an electron 
in an accelerating field is 


v= V 2(e/m) V =(approx.)600V V km/s — (43-5) 


As is seen, the velocity of an electron depends on the 
potential difference it falls through. If, for example, an 
electron leaves the cathode of a tube at v, = (approx.) 0, 
the potential difference being V = 100 V, it will reach 
the plate at v = 600/100 = (approx.) 6000 km/s. 

The time required for an electron to travel from one 
electrode to the other can easily be determined provided 
that we know the distance between the electrodes. For 
instance, if d = 2 cm, then ¢ = 2d/v,, = (approx.) 2 x 2 
x 10-5/6 x 103 = (approx.) 0.7 x 10°° s. 

Referring to Fig. 13-2, let an electron leave the plate 
with initial velocity v9, >0 and move to the cathode. 
The force F that the field exerts on the electron is opposite 
to the direction of the field and the velocity of the electron, 
so the field retards the electron, and the electron is under 
uniform deceleration. In this case, the field is called retard- 
ing. 

During its motion in a retarding field, the kinetic energy 
W, = mv?/2 that an electron can have initially decreases 
because it is expended to overcome the opposition of the 
field. 

If the initial energy of an electron W, exceeds that neces- 
sary for it to travel between the electrodes, that is, Wy > 
> W = eV, the electron will cover the distance d between 
the electrodes and reach the cathode. lf W, << W = el, 
the electron will have lost all of its energy before striking 
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Fig. 13-2. Electron in a retard- Fig. 13-3. Electron in a_trans- 
ing electric field verse electric field 


the cathode and it will stop for a very brief moment to be 
accelerated by the field back to its source electrode. On 
moving back, the electron will be in a motion with constant 
acceleration, and the field will give it back the energy the 
electron lost during its motion to rest. 

Now let an electron moving at right angles to an electric 
field enter it at velocity v, (Fig. 13-3). The force F that 
the field exerts on the electron is, as always, directed oppo- 
site to the field. As a result, the electron will simultaneously 
be in two motions at right angles to each other: the uniform 
motion due to inertia, perpendicular to the field, and the 
motion with constant acceleration due to the field but 
against the field. The resultant path will be a parabola 
(Fig. 13-3). Should the electron move beyond the field, 
it will keep moving forward by inertia at constant velocity. 


13-3. The Motion of an Electron 
in a Uniform Magnetic Field 


Some electron tubes depend for their operation on the 
interaction between electrons and a magnetic field. 

In Sec. 3-5, we have obtained Equation (3-13) for the 
force exerted by a uniform magnetic field on an electron 
moving at right angles to the field. This force is F = Bev. 
We have also found that the direction of this force can be 
determined by Flemming’s left-hand rule. 

This expression suggests that when v is zero, F is also 
zero, that is, the magnetic field does not act on a stationary 


LA* 
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Fig. 13-4. Motion of an electron Fig. 13-5. Motion of an _ elect- 

in a magnetic field, with initial ron in a magnetic field, with 

velocity v perpendicular to the an initial velocity at an angle 

magnetic induction vector to the magnetic induction vec- 
tor 


electron. As the direction of F is at right angles to the elect- 
ron velocity, it does no work. Thus, the energy and velocity 
of the electron are not changed in magnitude, but the 
direction of electron velocity is changed. 

If an electron is only affected by a magnetic field, it will 
describe a circle with a radius r, lying in a plane perpendi- 
cular to the direction of the field (Fig. 13-4). 

F is a centripetal force given by F = mv*/r. 

Therefore, we can write 


mv?/r = Bev (13-6) 
Hence, the radius of the circle 
r = (m/e) (v/B) (13-7) 


The ratio m/e is constant, so the radius of the circle 
is proportional to electron velocity and inversely pro- 
portional to the magnetic induction. 

If an electron enters a field at other than right angles, 
its initial velocity vector should be resolved into rectan- 
gular components. One, v,, is at right angles to the field, 
and the other, v,, is in the direction of the field (Fig. 13-5). 

The component v, results in a circular motion of the 
electron in a plane at right angles to the field, and the 
UV, component causes the electron to travel straight on 
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and at constant velocity in the direction of the field. The 
path in space which results from such a superposition 
of velocities is a helix (see Fig. 13-5). 


13-4. Electron Emission 


As applied to electronics, vacuum is a relative term. 
If electrons within a device travel practically without 
colliding with residual gas molecules, we speak of a high, 
or hard, vacuum. The pressure is about 10° Pa = 
= (approx.) 10-7 mm Hg. 

Vacuum is a nonconducting medium. To maintain an 
electric current in a vacuum, one needs a source of charged 
particles (electrons). Usually, such a source is a metal 
electrode called a cathode. Under certain conditions the 
cathode releases electrons from its surface — a_ process 
which is termed electron emission. 

In the absence of an external electric field, free electrons 
in metals, known as valence electrons, are free to move 
at random between the ions of the lattice. 

At normal temperature, electrons cannot break loose 
from the metal, because their kinetic energy is insuffi- 
cient. Some high-energy electrons, as they move about at 
random, come up to the surface of the metal, forming an 
electron layer which, together with the ions of the lat- 
tice beneath, forms a dipole (or double-electric) layer 
(Fig. 13-6). Thus, there is a certain potential difference 
between the metal and vacuum, which is called a potential 
barrier. 

The electric field of this dipole layer counteracts the 
tendency of electrons to leave the metal, or retards them. 

For an electron to escape from the metal, it must acquire 
un energy equal to the work done in overcoming the po- 
(ential barrier or the retarding effect of the dipole layer. 
‘This energy (work) is called the work function of the metal 
(W,,). The quotient of the work function by the charge of 
un electron gives the escape potential corresponding to 
the work function 


Pa = W,/e 
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Vacuum 
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Metal Fig. 13-6. Double-electric layer 
Yysstsssl at the surface of a metal 


The work function or escape potential is not the same 
for different metals. For example, 9, = 2.1 V for barium 
or ~, = 4.4 V for tungsten. 

Different ways of supplying the escape energy give rise 
to several forms of electron emission, namely thermionic 
emission, field emission (also known as the autoelectronic 
effect or cold emission), photoelectric emission (or photoemis- 
sion), and bombardment emission. 

If energy is supplied solely by heating the cathode, 
the result is known as thermionic emission. Heating raises 
the velocity and kinetic energy of electrons, so that the 
number of electrons leaving the metal increases. All elec- 
trons escaping from the cathode per unit time, if they 
are swept off by an external field, form the emission current 
I,. The emission current rises with increasing temperature. 

If there is no accelerating field to sweep them off, the 
escaping (or emitted) electrons gather in front of the cathode 
to form a space charge. The space charge establishes a re- 
tarding electric field near the cathode, which impedes 
further escape of electrons from the cathode. 

If the escape energy is supplied by a very strong electric 
field, the autoelectronic effect (or field emission) results. 

The force acting on an electron in an electric field is 
proportional to the charge of the electron and field strength, 
F = e€. When a sufficiently strong accelerating field is 
applied, the forces exerted on the electrons near the cathode 
surface are great enough to overcome the potential barrier 
and pull the electrons from the cold cathode. 

It is also possible to supply the escape energy by il- 
luminating the cathode surface with no heating of the 
cathode. The electrons acquire the energy necessary for 
escape as the cathode absorbs the incident particles of 
light, photons. 
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Radiant energy is emitted and absorbed in portions 
known as quanfa. If the energy of a quantum, which is 
defined as W, =hv, where h is Planck’s constant and v 
is the frequency of the radiation, exceeds the work func- 
tion W, for the material of the cathode, the electron may 
leave the cathode, in which case, photoemission takes 
place. 7 

In secondary emission, electrons, called primary, strik 
the surface of a conductor or semiconductor; the collision 
results in releasing more electrons which are called seconda- 
ry. On striking the conductor, electrons penetrate its sur- 
face layer and give up some of their energy to the electrons 
of the conductor. If, as a result, the energy of the secondary 
electrons exceeds the work function, they wil] leave the 
conductor. 

A primary electron having a considerable energy may 
give it up to either one or more electrons, so the number 
of secondary electrons may be greater than that of prima- 
ry ones. 

In bombardment emission, the cathode is struck by 
heavy ions or excited atoms (molecules), with the result 
that electrons are knocked out of the material. This type 
of emission resembles closely secondary emission. 


13-5. Vacuum-Tube Cathodes 


A vacuum-tube cathode is that electrode which emits 
electrons. 

Most commonly, use is made of the thermionic type, 
that is, cathodes which function primarily by thermionic 
emission. They are divided into directly heated cathodes, 
usually in the form of a wire made of a refractory metal 
heated by filament current (Fig. 13-7a), and indirectly 
heated cathodes (also called heater cathodes) made in the 
form of a nickel cylinder coated with a layer of emitting 
material, which is slipped over an insulated heater carry- 
ing filament current (Fig. 13-7b). 

The main characteristics and ratings of cathodes are 
riven below, 

1. The emissive capacity of a cathode is defined as the 
unit thermionic emission or electron emission current 
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Fig. 13-7. Types of cathode 
construction 


(a) directly heated; (6) indirectly 
heated 


(a) (b) 


density j, = /,/S at the nominal temperature of the ca- 
thode, where S is the surface area of the cathode. Its value 
is about hundreds of milliamperes per square centimetre. 

2. The unit filament dissipation is the filament dissi- 
pation of a cathode per square centimetre of its surface 
area, that is 


P} = P,/S =V;1,/8 (13-8) 


As little as 2 or 3 per cent of the power expended to heat 
the cathode is turned into the kinetic energy of electrons 
leaving the cathode, the remainder being lost to the sur- 
roundings by radiation and thermal conduction. 

3. The emission efficiency is the ratio of the emission 
current to the filament dissipation 


H =1,/P; =1,/Vjl, (13-9) 


As is seen, the emission efficiency rises with increas- 
ing emission current. For present-day cathodes, it ranges 
from units to hundreds of milliamperes per watt. 

4. The operating temperature of cathodes runs from 600°C 
to 2400°C. 

As the operating temperature of a cathode rises, there 
is an increase in the thermionic emission current density 
and, aS a consequence, in the intensity of emission, but 
its service life is cut down. 

o. The cathode ratings also include the life of the cathode, 
which is determined on the basis of its emission. A cathode 
is said to “have burned out”, if its emission has dropped 
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Tungsten core med by polarized barium atoms 


by twenty per cent. The life of cathodes usually runs into 
several thousand hours. 

The emitters or cathodes as used in present-day therm- 
ionic electron tubes may further be divided into three 
groups, namely pure metal emitters (for example, pure 
tungsten), atomic-film emitters (mostly thoriated or bariated 
tungsten), and ozide-coated emitters. 

In thoriated (or bariated) tungsten cathodes, the ato- 
mic film sets up an accelerating field for the escaping elec- 
trons owing to polarization (Fig. 13-8). In oxide-coated 
cathodes the emitting surface is a mixture of barium, stron- 
tium and calcium oxides, with barium atoms dispersed 
throughout. 

Atomic-film and oxide-coated cathodes have reduced 
work functions, so effective emission can be obtained at 
a relatively low temperature. 


13-6. The Vacuum Diode 
(a) Principle of Operation 


A vacuum diode is the simplest of all electron tubes. 
It consists of two electrodes, a plate (or anode) and a cathode, 
placed in a high vacuum (107° Pa ~ 10°? mm Hg) metal- 
lic, ceramic or glass envelope (Fig. 13-9). The nickel plate 
P may be in the shape of a cylinder or a box without a top 
and bottom. The filamentary or indirectly heated cathode 
K is located inside the plate. The electrodes are often con- 
nected to pins press-fitted into a plastic base, or brought 
out directly through the envelope. The plate is connected 
to one pin, a filamentary cathode is connected to two pins, 
and an indirectly heated cathode to three pins. In high- 
voltage diodes, the plate lead or, rather, cap is usually 
located at the top of a tube (Fig. 13-9). 
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Plate(P) 


Cathode (K) 


Indirectly- 


heated Fig. 13-9. Construction 
cathode and diagram symbols of 
a vacuum diode ’ 








Fig. 13-10. Connection of a vacuum diode in a circuit 


(a) with plate voltage applied in the forward direction; (b) with 
plate voltage applied in the reverse direction 


The symbols for diodes with filamentary and indirectly 
heated cathodes are shown in Fig. 13-9. 

The cathode of a tube is fed from a filament-voltage 
source at about several volts, which may be a battery 
(usually called the A-battery) or the secondary winding 
of a transformer (Fig. 13-10). When heated, the cathode 
emits electrons. To make these electrons reach the plate, 
there should be an accelerating field between the plate 
and cathode. For this purpose, the plate is connected to 
the positive and the cathode to the negative terminal of 
a plate-voltage source (called the B-battery). The poten- 
tial difference between the plate and cathode is termed 
plate voltage V,. The electrons leaving the cathode and 
reaching the plate make up plate current J,. This current 
is opposite to the direction of the electrons. If we con- 
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nected the plate to the negative terminal and the cathode 
to the positive terminal of the B-battery, that is, applied 
a reverse voltage, the field between the plate and cathode 
would decelerate the electrons emitted by the cathode, 
thereby forcing them to return, and no current would be 
flowing in the plate circuit. 

Thus, a diode shows unidirectional conduction of cur- 
rent, that is, from the plate to the cathode. This is the 
main distinction of a diode. Devices conducting current 
only in one direction are sometimes called electric valves*. 

The electrons escaping from the cathode fill the plate- 
cathode space. In addition to the accelerating field es- 
tablished by the plate voltage, the electrons closer to the 
cathode experience the retarding effect produced by the 
electrons closer to the plate. As a result, the electrons 
near the cathode form a negative space charge. This space 
charge opposes the escape of electrons from the cathode 
and retards their travel towards the plate. 

The relation between the plate current and plate vol- 
tage at a constant filament voltage, [, = f (Vp) at V; = 
= constant, is called the plate or volt-ampere characte- 
risticflof the diode. A circuit for measuring this characte- 
ristic appears in Fig. 13-11. Figure 13-12 shows two volt- 
ampere characteristics measured at different filament 
voltages. 

At V, = 0, a very small current, Jp), is flowing through 
the diode. It is called the initial diode current. It is made 
up of the electrons escaping from the cathode, whose ki- 
netic energy is high enough for them to reach the plate. 
To reduce this current to zero, it is necessary to establish 
a retarding field between the electrodes. For this purpose, 
a reverse plate voltage of about 1 V termed the cut-off 
voltage V, is applied. 

As the positive plate voltage increases, the plate cur- 
rent begins to rise, too, at first slowly, then more rapidly. 
This is because a rise in the plate voltage reduces the ne- 
gative space charge which retards the electrons, and boosts 
the accelerating plate field. This is known as the space- 


*Most commonly, they are used to rectify alternating current. So, 
hy extension, they are more usually called rectifier tubes.— Transla- 
tor's note. 
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Fig. 13-41. Test set-up for Fig. 13-12. Plate characteristics 
measuring the characteristics of a vacuum diode 
of a vacuum diode 


charge-limited operation of a diode. The condition in which 
the plate voltage is so high that all electrons escaping from 
the cathode reach the plate is called saturation ([, = I,) 
or temperature-limited operation. The respective plate current 
is termed the saturation emission current. A further in- 
crease in plate voltage acts on plate current differently. 
With a tungsten cathode, it remains practically unchan- 
ged, with a bariated cathode, it increases slightly, and 
with an oxide-coated cathode, there is a considerable rise 
in plate current. 

In approximate calculations, the actual characteristic 
of a diode is often replaced by straight-line segments 
(Fig. 13-13). This technique is known as piecewise-linear 
approximation. 

The analysis of vacuum-diode operation requires know- 
ledge of certain diode factors, generally called parame- 
ters. Those related to the vacuum diode are plate conduc- 
tance, dynamic plate resistance, maximum plate dissipa- 
tion, and peak-inverse voltage. 

The plate conductance of a vacuum diode, symbolized 
Zp, is defined as the ratio of an incremental change in plate 
current AJ, to the incremental change in plate voltage 
AV, that caused it 

gp = AI,/AV, (13-10) 


It ranges from 1 to 50 mA/V for different diodes. 
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Fig. 13-13. Plate characteris- Fig. 13-14. Determining the 
tic (the dashed line) of a va- transconductance and_ resistan- 
cuum diode and its piecewise- ces of a vacuum diode 


linear approximation 


The reciprocal of the plate conductance (or the slope 
of the plate current/plate voltage curve), 1/g,, defined 
as the rate of change of plate voltage with respect to plate 
current is termed the dynamic plate resistance or the a. c. 
resistance of a vacuum diode: 


R, = 1/gp = AV,/AI> (13-41) 


The value of A, ranges from tens to hundreds of ohms 
for various types of diodes. 

This resistance shows that, when a diode operates on 
an alternating current, any change in plate voltage cau- 
ses the respective change in plate current. 

In addition to the dynamic plate resistance of a diode, 
there exists the concept of its static or d.c. resistance which 
is defined as the ratio of the d.c. plate voltage V, to the 
respective plate current J, (Fig. 13-14): 


R,=Vi/0', (13-42) 


For the most part, the d.c. resistance of a diode Ry ex- 
ceeds its a.c. resistance RR). 

As the plate characteristic of a diode is nonlinear, its 
slope and the a.c. resistance of the diode are not the same 
at different points on the characteristic. 

The plate conductance of a vacuum diode can be deter- 
mined from its characteristic, as shown in Fig. 13-14, by 
finding the incremental change in plate current, AJ, (por- 
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tion bc), caused by an incremental change in plate voltage, 
AV, (portion ac), within the selected portion (ab) of the 
diode characteristic, and by dividing the former by the 
latter. Thus, we obtain the plate conductance for portion 
ab or some point d, midway between points a and b. In 
some cases, it may be necessary to determine the maximum 
plate conductance corresponding to the linear part of the 
diode characteristic. 

As they strike the plate, the electrons contributing to 
plate current give up their kinetic energy, mv*/2, which 
is converted to heat. Should the power, P,, delivered to 
the plate exceed what it gives up (dissipates), the plate 
temperature would rise. ,;This excess power serves no 
useful purpose; in fact, it may overheat and damage the 
plate and destroy the cathode located nearby. 

In moving from the cathode to the plate, an electron 
gains an energy, mv*/2 = eV,. Assuming that n electrons 
strike the plate every second, the power delivered to the 
plate in the same time is 

P,=nmv?/2=neV,=—1,V, (13-13) 


The limit for the maximum power that canbe delivered 
to the plate by the electrons is set by the maximum allow- 
able plate temperature. This limit is called the plate dis- 
sipation of a tube. 

In operation, plate dissipation P, must be less than 
the maximum plate dissipation:. 


Py=VyI,p< Po, max =, maxV p 
and the maximum plate current 
Ty, max = Pp, max/V p (13-14) 


The plates for vacuum tubes are fabricated from nickel, 
molybdenum, tantalum or graphite. 

As a way of raising plate dissipation, measures are 
taken to cool the plate. For this purpose, the area of the 
plate is increased by fitting fins or radiators to its sur- 
face, or it may be blackened or coated with zirconium 
to improve radiation and absorb residual gases. 

Tube manufacturers specify maximum plate dissipation 
Py. max, at which the plate temperature does not exceed 
the limit. 
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The safe value of inverse voltage must always be lower 
than the peak-inverse voltage. Otherwise, a self-sustain- 
ing arc-back may occur, and the insulation may break 
down. Data given by manufacturers specify the safe value 
of peak-inverse voltage V,.;. Tube ratings also include 
nominal (or rated) voltage V, and nominal (or rated) fila- 
ment current /,. 


(b) Types of Vacuum Diodes and Their Symbols 


According to their purpose, there are two basic groups 
of vacuum diodes, namely rectifying vacuum diodes and 
radio-frequency (r.f.) diodes. 

As its name implies, a rectifying vacuum,‘diode is in- 
tended to rectify power- (or higher) frequency alternating 
current to direct current. 

A radio-frequency (r.f.) vacuum diode jis an electron 
tube designed for signal detection, modulation and frequen- 
cy conversion at radio frequencies. 

Vacuum diodes may have one or two,plates. A double 
diode is a combination of two similar diodes in the same 
envelope. It can contain one common cathode or two isolat- 
ed cathodes. 

The size of the tube envelope depends on tube power. 
The point is that bigger tubes dissipate more heat, and 
it takes a larger surface area to dissipate it. 

In addition to conventional base-type glass or metal 
tubes, there are stiff-lead and soft-lead diodes which have 
no base (Fig. 13-15). In a stiff-lead tube, the electrode 
leads also serve as pins. The electrode leads of a soft-lead 
diode are tinned flexible wires which are directly soldered 
to appropriate points in a circuit. 

For the most part, conventional glass and metal-en- 
velope tubes have an octal (eight-pin) base. The eight 
pins connected to the electrodes are arranged in a sym- 
metrical pattern round the circumference, with a plastic 
polarization (also known as alignment or index) pin with 
a rib in the centre. The alignment pin provides for pro- 
per insertion of a tube in its socket (Fig. 13-16a). It is 
customary to number the pins clockwise, beginning from 
the rib on the alignment pin (Fig. 13-16c). Some pins 
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(6) (c) (d) (€) 


Fig. 13-15. Various types of vacuum tubes 


(a) a glass-envclope, low-voltage, double-plate rectifying diode; (b) a 
glass-envelope, high-voltage, plate-cap rectifying diode; (c) a metal-enve- 
lope tube; (d) a stiff-lead miniature tube; (e) a soft-lead microminiature 
tube 


may be omitted, if no connections need be made to them 
inside the tube. In stiff- or soft-lead tubes which have 
no base and with the leads acting as pins, they are number- 
ed, starting from a colour mark on the stem. 

The diagram showing the connection of the tube electro- 
des to the pins is called a base diagram (base diagram 
can be found in tube manuals). 

It will be useful for the reader to know the system adopt- 
ed in the USSR for marking vacuum tubes. The system 
established by a USSR State Standard, GOST 13393-67, 
runs as follows: 

The type designation of a tube consists of four elements. 

The first element is a number giving a rounded fila- 
ment voltage (in volts). 

The second element is a letter identifying the tube as 
a diode (JJ), double diode (X), or rectifying diode (Lf). 

The third element is the ordinal number of a given mo- 
dification in the type series. 

The fourth element is a Russian letter identifying the 
tube as one in a glass envelope (C) with a diameter of more 
than 22.5 mm, or in a ceramic envelope (KH); or as a mi- 
niature glass-envelope tube 19 mm and 22.5 mm in dia- 
meter (I); or aS a microminiature tube with a diameter 
of less than 8 mm (6b) or less than 5 mm (P); or a metal- 
ceramic tube (H). 
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Alignment pin 
(a) (5) (Cc) (d) 


Fig. 13-16. (a) An octal base; (b) a tube socket; (c) pin num- 
bering; (d) the basing diagram of a SI4C rectifying diode 


The absence of a fourth element is an indication that the 
tube has a metal envelope. 

As an example, here are the type aesignations of some 
Soviet-made tubes: 

o14C: the letter “I” identifies it as rectifying diode, 
the digit “5” indicates that the filament voltage is about 
o V, the letter “C” refers to a glass envelope, the digit 
“4” indicates that this is a No. 4 modification tube. 

616A: an r.f. diode (JI), with a filament voltage of 
about 6 V, in a microminiature glass envelope with a dia- 
meter less than 8 mm (A), issued as Modification No. 6. 

6X6C: a normal-size, glass-envelope, Modification No. 6, 


dual diode for a filament voltage of about 6 V (actually 
6.3 V). 


25-0215 


Chapter Vacuum Triodes 
Fourteen and Multi-Electrode 
Tubes 


14-1. The Structure and Principle of Operation 
of the Vacuum Triode 


In contrast to a diode, a vacuum triode has three elec- 
trodes, the third one being a control grid. Its function is 
to control the flow of electrons, that is, cathode current 
of the tube. In most triodes, this electrode is a wire spiral 
made of tungsten, nickel, molybdenum or their alloys. 
The grid is located between the plate and cathode, closer 
to the latter (Fig. 14-1). As in diodes, the cathode of a 
triode can be either filamentary or indirectly-heated. 
Triodes using both types of cathodes and their symbols 
are given in Fig. 14-2. 








(5) 
Fig. 14-1. Construction of a va- Fig. 14-2. Construction of a tri- 
cuum triode ode using an indirectly heated 


cathode (a); a directly heated 
cathode, and the respective 
diagram symbols (b) 
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Fig. 14-3. Connection of a va- 
cuum triode in a circuit 





In operation, a triode has three circuits (Fig. 14-3), 
namely, a filament circuit, a plate circuit, and a grid cir- 
cuit. The last two have a common point O, which is con- 
nected to the cathode. This point is usually grounded 
(connected to the chassis). Its potential is assumed to 
be zero, so the potentials at any other points in the cir- 
cuit are stated in relation to this point. 

The potential difference between the grid and cathode 
is known as grid voltage. 

In a vacuum diode, the electrons escaping from the hot 
cathode are affected by the space charge and the electric 
field established by plate voltage V,. In a triode, the elec- 
tric field between the plate and cathode is established 
not only by plate voltage, but also by grid voltage V,. 
The effect of grid voltage is greater, because the grid is 
closer to the cathode. Also, the grid reduces the effect 
of plate current, for it acts as a screen in the electric field 
of the plate. 

When the grid is made negative, V, < 0, the potentials 
at points in the field near the grid are reduced. This pro- 
duces a retarding field in the grid-cathode space, opposing 
the accelerating field due to the plate. At a constant plate 
voltage, the resulting field depends on grid voltage. When 
negative grid voltage is low, the resulting field still main- 
tains its accelerating function, and a plate current J, will 
flow between the cathode and plate. When the grid is made 
sufficiently negative, the resulting field becomes retarding, 
and no current flows. The point at which this happens 
is called the cut-off point. Accordingly, the tube is said 
to be cut off, and the voltage responsible for the effect 
is termed the cut-off voltage V go. 


25% 
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When the grid is made positive with respect to the ca- 
thode, V, > 0, it sets up an accelerating field which com- 
bines with that due to the plate. As a result, the field strength 
in the grid-cathode space rises. Plate current will naturally 
rise, too. At V, > 0, some of the emitted electrons strike 
the grid, and the tube is then said to draw a grid cur- 
rent I g. 

It follows from the foregoing that a change in grid vol- 
tage has a greater effect on the field in the grid-cathode 
space, the space charge and plate current. Thus, the grid 
is much more effective in control of plate current than the 
plate. 

If weak electric signals or oscillations of any waveform 
or frequency are applied to the grid circuit, they will also 
appear in the plate circuit or in the load connected in this 
circuit but with increased power. This is signal amplifica- 
tion which is the principal function of a vacuum triode. 


14-2. Static Characteristic Curves 
of the Vacuum Triode 


The performance of a vacuum triode can be presented 
graphically by static characteristic curves (or simply static 
characteristics), in which the plate current is related to 
the plate and grid voltage, with the filament voltage held 
constant. The most important of them are: 

(1) the plate characteristic showing the relationship be- 
tween the plate current and plate voltage, with the grid 
voltage held constant, [, =f (Vp) at V, = const; 

(2) the grid-plate characteristic representing the relation- 
ship between the plate current and grid voltage, with 
the plate voltage held constant, Jp = f (Vz) at Vp = const. 

These characteristics are termed static because they 
are measured when the voltage at one of the electrodes 
is held constant. 

Figure 14-4 shows a circuit arrangement whieh can be 
used to measure the static characteristics of a triode ex- 
perimentally. 

The plate characteristic curve of a vacuum triode is 
plotted as follows. To begin with, the nominal filament 
voltage and a certain grid voltage are set and maintained 
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lig. 14-4. Test set-up to measure the static characteris- 
tics of a triode 


Fig. 14-5. Plate characteris- 
tics of a vacuum triode for 
various values of grid vol- 
tage 





constant. Then, the plate voltage is raised in equal in- 
crements starting from zero, while noting the plate cur- 
rent and the respective plate voltage. Now, the plate cha- 
racteristic curve can be plotted, for which purpose the 
plate current values are laid off as ordinates and the values 
of plate voltage as abscissas. At zero grid voltage, the 
plate characteristic of a triode does not practically differ 
from that of a vacuum diode (Fig. 14-5). 

The plate characteristic measured at a constant grid 
voltage V,, will retain its shape and slope, but it will 
be shifted to the right of the characteristic obtained at 
V, = 0, that is it will extend into a region of higher plate 
voltage values. This is because at low plate voltage, the 
tube is cut off by the negative grid voltage and can be 
driven conducting only when plate voltage reaches a positive 
value V,,, such that the retarding field of the grid is fully 
balanced by the accelerating field of the plate. At a still 
higher negative grid voltage, the tube will be rendered 
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Fig. 14-6. Plate-grid and grid Fig. 14-7. Family of plate-grid 
current characteristics of a va- characteristics of a vacuum 


cuum triode} triode 


conducting at a higher plate voltage. If the grid is made 
positive, the curve will shift to the left of the first one, 
and it will run higher in proportion to the increase in grid 
voltage. Together, these plate characteristics make a family 
of plate characteristics. 

To measure the grid-plate characteristic of a triode 
(Fig. 14-6), it is necessary to set the nominal filament 
voltage, the required plate voltage, and the maximum 
negative grid voltage. After that, the grid voltage is slow- 
ly reduced to zero and the respective values of plate cur- 
rent are noted. Then, the polarity of grid voltage is revers- 
ed (with the switch S shown in Fig. 14-4) and the part 
of the grid-plate characteristic corresponding to the po- 
sitive values of grid voltage is plotted. The characteristic 
curves for other values of plate voltage can be plotted 
in the same way. The origin of the grid-plate characteristic 
corresponds to that value of grid voltage at which the 
accelerating field in the cathode-grid space due to the 
plate voltage fully compensates the retarding field due 
to the negative grid voltage. It is natural that a higher 
plate voltage results in a grid-plate characteristic having 
a higher initial value of negative grid voltage. As the grid 
voltage is decreased, the accelerating field in the grid- 
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cathode space and, as a consequence, the plate current 
are increased. 

When the grid is made positive, it starts drawing cur- 
rent. In most cases, the grid current is undesirable, because 
it not only serves no useful purpose, but also has an adverse 
effect on triode operation. Figure 14-6 shows two grid 
characteristics, [, =f (V,). As the plate voltage rises, 
the grid current decreases, because in this case the accelerat- 
ing field near the grid intercepts the electrons at the grid 
surface, so the likely grid current goes down. 

Figure 14-7 shows a family of grid-plate characteristics 
for different plate voltages. 

A tube with sparsely spaced grid wires has a high cut- 
off voltage, and the characteristic shows a long tail. This 
is what is called a remote cut-off characteristic (Fig. 14-7), 
and such a tube is classed as a remote cut-off tube. On 
the other hand, a tube with closely spaced grid wires has 
a low cut-off voltage, and the tail of its characteristic 
is very short. This is called a sharp cut-off characteristic, 
and such a tube is a sharp cut-off tube. 


14-3. Parameters and Ratings of the Vacuum Triode 


The parameters chosen for a vacuum triode establish 
the relationship between plate current, plate voltage and 
grid voltage. 

The main parameters of a triode are its transconductance 
(also known as mutual conductance) gm, dynamic plate 
(a.c.) resistance Rp, and amplification factor w. 

The transconductance of a vacuum triode is the ratio 
of an incremental change in plate current AJ, to the in- 
cremental change in grid voltage AV, that caused it, the 
plate voltage being held constant while the changes take 
place (Fig. 14-8): 


8m=AlI,/AV, at V, held constant (14-1) 


The grid-plate characteristic given in Fig. 14-8 shows 
that a change of AV, = V, — Vg in grid voltage causes 
a change of AI, = J, — I, in plate current. 

The transconductance tells how many amperes should 
be added to or subtracted from the plate current as the 
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Fig. 14-8. Determining the Fig. 14-9. Determining the dy- 
transconductance of a vacuum namic plate resistance of a va- 
triode (the slope of its plate- cuum triode 


grid characteristic) 


grid voltage (or bias) is changed by one volt so as to keep 
the plate voltage constant. 

The transconductance is not the same within different 
portions of the characteristic. In ‘the rising portion, it 
is higher than in the initial portion. The transconduc- 
tance of various types of triodes ranges from 1to 40mA/V. 

Thus, the transconductance shows numerically how 
effective the grid of a vacuum triode is in controlling the 
plate current. 

The dynamic plate resistance of a vacuum triode is the 
ratio of an incremental change in plate voltage AV, to 
the incremental change in plate current AJ, which the 
change of voltage produces, with grid voltage held con- 
stant (Fig. 14-9): 


R, = AV,/AIy, Vg remaining constant (14-2) 


The plate characteristic shown in Fig. 14-9 shows that 
a change of AV, = V; — Vp in plate voltage causes a 
change of AJ, = J, — Jp in plate current. 

The dynamic plate resistance is the internal opposi- 
tion offered between the cathode and plate of a triode to 
changes in plate current (as the resistance rises, the plate 
has a progressively lesser effect on the plate current), 
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The dynamic plate resistance varies within different 
portions of the characteristics. In the rising portion, it 
is less than in the initial portion, and is almost constant. 
The dynamic plate resistance ranges from 1 to 100 kilohms. 

The amplification factor is the ratio of a small change 
in plate voltage AV, to the small change in grid voltage 
AV , required to produce the same change in plate current: 


pp = — (AV,/AV,) at I, held constant (14-3) 


The “minus” sign shows that in order to hold the plate 
current at a constant value, a change in the plate voltage 
should be compensated for by an opposite change in the 
grid voltage or vice versa. 

Sometimes, the amplification factor may be defined as 
the absolute value of the ratio given in Eq. (14-3): 


b= | AVpI/| AV eI 


The amplification factor tells how many times more ef- 
fective the grid voltage is than the plate voltage in controll- 
ing the plate current. 

The amplification factor is a dimensionless number, It 
ranges from several units to several tens for various types 
of triodes. 

Sometimes, it is more convenient to use the quantity 
equal to the reciprocal of the amplification factor, known 
as the penetration factor: 


D=1/p= —AV,/V, or D=1/p=|AV,|/|AV,| 
at JI, =I, = const (14-4) 


As is seen, the penetration factor shows how many times 
the grid voltage is more effective in controlling the cathode 
current than the plate voltage. For example, let a tube have 
u = 10 and D = 1/un = 0.1. This shows that the effect 
of the grid is ten times that of the plate. 

The penetration factor characterizes the screening effect 
of the grid. In other words, it shows which part of the elec- 
tric field set up by the plate voltage can pass through the 
grid in the direction of the cathode. A grid with closely 
spaced wires screens the cathode from the plate more ef- 
fectively, so penetration factor is low and the amplifica- 
tion factor is high in this case. In contrast, in the case of 
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a grid with wires spaced farther apart, the penetration 
factor is high and the amplification factor is low. 

The penetration factor also shows which part of the plate 
voltage should be added to the grid voltage for the triode 
to be replaced by an equivalent diode. 

The electron flow in the grid-cathode space of the triode 
is affected by a resultant field due to the plate and grid 
voltages. In some cases, it is more convenient to replace 
the two electrodes of the triode by one equivalent electrode 
which would establish a field equal to the resultant field 
near the cathode. In this way, the triode is replaced by a dio- 
de whose plate current is equal to the plate current of the 
triode. The electrode substituting for the plate and grid, 
known as the virtual anode, is placed instead of the grid 
(Fig. 414-10). 

The voltage which should be applied across the elect- 
trodes of the equivalent diode to produce the same plate 
current, [,, is termed the composite controlling voltage, Va. 
At the cathode, this voltage should establish an electric field 
of the same strength as that produced in the triode by V, 
and V, taken together. Multiplying the plate voltage by the 
penetration factor, V, <x D, we obtain that part of the plate 
voltage of the triode which, if applied across the electrodes 
of the equivalent diode, would produce the same component 
of the electric field near the cathode as the plate voltage 
in the triode. 

Accordingly, the composite controlling voltage of the 
equivalent diode is 


Va =Vgt DV, (14-5) 
The product of g,,, Rp and D is 
EmltpD = (AI,/AV,) (AV,/AI,) (AV ,/AV,p) = 1 (14-6) 


This equation relating the three tube constants is called 
the parameter equation of a triode. 
Substituting 1/u for D in the last equation, we obtain 
the parameter equation of a triode in another form: 


b = 8mitp (14-7) 
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Fig. 14-10. Vacuum triode and Fig. 14-11. Determining the pa- 
an equivalent diode rameters of a vacuum triode 


from its plate characteristics 


As is seen, Eq. (14-7) makes it possible to determine 
any of the three quantities, provided that the other two 
are known. 

The main parameters of a triode for specified values of 
Vp, I> and Vz can be determined graphically from a fami- 
ly of plate or grid-plate characteristics obtained experimen- 
tally by the circuit shown in Fig. 14-4 or taken from tube 
manuals. 

To deduce the triode parameters from plate characteris- 
tics obtained at Vz and Vj, (Fig. 14-11), one uses the cha- 
racteristic triangle ABC in which the apex A is located 
by the specified values of plate voltage and current, V> 
and Ip. 

The second apex, C, of the triangle is obtained at the 
point where the second plate characteristic is cut by the 
line drawn from the apex A parallel to the z-axis. The 
third apex, B, is located as the first plate characteristic 
is intersected by the line drawn from the apex C parallel 
to the y-axis. The sides of this right-angled triangle are 
formed by the increment in the plate current AJ,, and the 
increment in the plate voltage AV,. An increment in the 
grid voltage is defined as the difference between the speci- 
fied grid voltages AV, = AVg — AV, , for which the cha- 
racteristics are measured. Substituting the values of AI,, 
AV, and AV, into Eqs. (14-1), (14-2), (14-3) or (14-4), 
we obtain gm, Rp, and p or D of the triode, 
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Fig. 14-12. Determining the pa- Fig. 14-13. To Example 14-1 
rameters of a vacuum triode 

from its plate-grid characteris- 

tics 


If we use the grid-plate characteristics, the characteristic 
triangle ABC is constructed in a similar way (Fig. 14-12). 
The sides of this right-angled triangle are AV, and AI,. 
Here, an increment in the plate voltage is defined as the 
difference between the specified plate voltages AV, 
= V, — Vz, at which the characteristics are messured:. 


Example 14-1. Find g,,, Rp and wp of a triode, using the 
characteristic triangle ABC (Fig. 14-13). 

Solution. 

1. The mutual conductance is 


8m = AI,/AVg = (24 — 12)/(8 — 4) = 12/4 = 3 mA/V 
2. The dynamic plate resistance is 


Ry = AV,/AI, = (300 — 200)/12 = 100/12 
= 8,33 kilohms 
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3. The amplification factor is 


u = AV,/AV, = (300 — 200)/(8 — 4) = 100/4 = 25 


4. The penetration factor is 
D = 1/w = 1/25 = 0.04 


14-4. Interelectrode Capacitance of the Vacuum Triode 


A vacuum triode has three metal electrodes spaced very 
small distances apart. Because of this, each pair acts as 
a small capacitance, called an interelectrode capacitance. 

The vacuum triode has three interelectrode capacitances, 
namely, the grid-to-cathode (or input) capacitance, C gz, 
the plate-to-cathode (or output) capacitance, C,,, and 
the plate-to-grid (or transfer) capacitance, Cp, (Fig. 14-14). 

These interelectrode capacitances are no fixed quanti- 
ties, but vary, depending on the size and form of the elec- 
trodes, the spacing between them, etc. In low- and medium- 
power tubes they range from a few to twenty picofarads; 
in high-power tubes they may run up to fifty picofarads. 

The capacitive susceptance, wl = 2nfC, is proportional 
to frequency, so an increase in frequency is accompanied 
by an increase in capacitive currents which may reach high 
values, thereby impairing the performance of a triode as 
an amplifier. 

For example, C,, causes the capacitive current in the 
grid-cathode-signal source circuit. The capacitive current 
gives rise to a voltage drop across the internal resistance 


Fig. 14-14. Interelectrode capa- 
citances of a vacuum triode 





398 eee Part Two. Basic Electronics 


of the signal source, ?,, and reduces the input voltage across 
the triode. A consequence of this is a reduction in the output 
voltage and power output. The negative effect of Cp, is 
that its reactance, 1/wC, goes down with increasing frequen- 
cy, and the a.c. (signal) voltage gives rise to a current 
flowing from the plate circuit through this capacitance into 
the grid circuit (Fig. 14-14). Thus, feedback takes place, 
which adversely affects the performance of the triode. 


14-5. Types of Vacuum Triodes 


There exist two basic types of vacuum triodes. They are 
power-amplifying (modulator) triodes designed to amplify 
voltage and power, and transmitting triodes intended to 
generate electric oscillations. 

The amplification factor of transmitting triodes, pn, 
ranges from unities to tens, their dynamic (a.c.) resistance, 
R,, from a few to tens of kilohms, and their mutual conduct- 
ance, £m, from units to several tens of milliamperes per 
volt. 

Physically, vacuum triodes can be divided into single 
and double triodes. A double triode is a tube which incor- 
porates two triodes in the same envelope. 

Soviet-made triodes are classed according to USSR State 
Standard GOST 13393-67 (see Sec. 13-6), the letter “C” 
standing for a single triode, and the letter “H” for a double 
triode. The envelope and tube sizes are classed in the same 
way as in Sec. 13-6, b. 

Figures 14-15 and 14-16 represent the symbols for double 
triodes. 





Fig. 14-45. Common-cathode Fig. 14-16. Split-cathode double 
double triode triode 
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The main advantages of vacuum triodes arc that they are 
simple in design and reliable in operation. Besides, their 
grid-plate characteristic has a large linear portion. 

Among the main drawbacks of vacuum triodes are the low 
amplification factor, uw, and high grid-to-plate capacitance, 
Cpg, due to which fact they are seldom used at high fre- 
quencies. 


14-6. Vacuum Tetrodes 


(a} Principle of Operation 


The amplification factor of a vacuum triode cannot be 
increased by making the grid denser, because, if so, the 
cut-off voltage would go down and the grid-plate characte- 
ristics of the triode would become positive. Then, the tube 
would not operate as an amplifier, as it would draw grid 
currents. 

However, this can be avoided by placing a second, or, 
screen, grid between the plate and the first (or control) 
grid. 

Such tubes having both the screen and control grids 
are known as four-electrode tubes, or fetrodes (Fig. 14-17). 

A tetrode has a control grid with the wires spaced far 
apart, due to which fact the negative cut-off voltage of 
the tube is high and, therefore, the tube has negative grid- 
plate characteristics. The wires of the screen grid are close- 
ly spaced, so it shields the cathode and control grid from 
the plate field and neutralizes the plate field near the cath- 


Fig. 14-17. Vacuum tetrode 


(a) construction; (b) diagram hie 
bol; 1—control grid; 2—screen grid; 
3—plate (anode); 4¢—cathode; 5— 
—plate (anode) cap; 6—upper 
shield; 7—Jower shield 
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Fig. 14-18. Connection of a va- Fig. 14-19. Simplified map of 
cuum tetrode in a circuit the electric field in a vacuum 
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ode. The effect of the plate voltage on the electric field strength 
near the cathode is also small, because this field is produced 
by the screen grid, for which purpose a positive voltage of 
V go < 0.5 Vp is applied to it (Fig. 14-18). 

Some electrons pass through the screen grid, reach the 
plate and form the plate current. Other electrons strike the 
screen grid and produce the grid current, J,., which must 
be as low as possible. 

A map of the electric field in a tetrode is shown in 
Fig. 14-19. For simplicity, it does not show the fields due 
to the two grids. As the screen is a denser mesh than the 
control grid and has a lower potential than the plate, it 
intercepts most of the electric lines of force due to the 
plate. A small part of the original plate field reaches the 
control grid, and a still smaller part reaches the cathode. 

Owing to the decrease in the field strength between the 
plate and control grid, the grid-to-plate capacitance Cp, 
between these electrodes is reduced to a few tenths or hund- 
redths. 

A fall in the plate field near the cathode reduces the effect 
of the plate voltage on the plate current, while the effect 
of the control grid potential on the plate current remains 
the same, for there is no screen between the control grid 
and the cathode. Therefore, the amplification factor uw and 
dynamic plate resistance R, of the tetrode are considerably 
higher than those of the triode, while the mutual conduc- 
tance g,, is the same. 
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(b) The Dynatron Effect 


The plate characteristic of a tetrode is the relation between 
plate current and plate voltage with grid voltages held 
constant (Fig. 14-20), that is, J, =f (Vp), with V,, and 
V go being constant. 

The grid-plate characteristic of a tetrode is the relation 
between screen-grid current /,, and plate voltage with 
grid voltages being constant (Fig. 14-20), that is, Ig. = 
=f (Vp), with V,, and Vg, held constant. 

Let us apply normal voltages Vz, and Vg, to the grids 
of a tetrode and gradually increase the plate voltage from 
zero. 

At the zero plate voltage, all electrons passing through 
the control grid reach the screen grid and generate a grid 
current, [,,.. This takes place because the screen grid has 
a positive potential while plate current is zero due to the 
zero potential at the plate. 

When the plate voltage increases to about 20 V, the plate 
current rises too, while the screen-grid current goes down 
(Fig. 14-20, region J). In this case, the plate characteristic 
rises and the grid-plate characteristic falls. 

Further increase in the plate voltage results in a rise 
in electron energy and secondary emission. Secondary 
electrons move back to the screen grid whose potential 
is higher than that of the plate, so the plate current goes 
down and the grid current Jz, rises (Fig. 14-20, region JJ). 
This is called the dynatron effect. This effect reaches its 
maximum at the boundary between regions JJ and III 
(Fig. 14-20). 


Fig. 14-20. Plate and _ grid- 
plate [Ige = f (Vp)] characte- 
ristics of a vacuum tetrode 
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The dynatron effect ceases when the plate voltage becomes 
equal to the screen voltage, V, = Vg.; this takes place at 
the boundary of regions J/J and [V. When the plate voltage 
exceeds the grid voltage, secondary electrons begin to 
return to the plate and the plate current rises again with 
increasing plate voltage, while the grid current grows smal- 
ler (Fig. 14-20, region JJJ). 

The dynatron effect makes it difficult to use tetrodes 
in amplifying circuits as it causes instability of operation 
and high distortion. 


(c) The Beam-Tetrode 


In a beam-power tetrode (or simply, a beam-tetrode), the 
dynatron effect is eliminated by a negative space charge 
between the plate P and the screen grid 2, the field of which 
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Fig. 14-21. Beam-power tetrode 
(a) construction and (b) diagram symbol 


Fig. 14-22. Plate 
characteristics of a 
beam-power _ tet- 
rode 
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decelarates electrons and drives them back to the plate 
(Fig. 14-21). For this purpose, the cathode K is made flat, 
the wires of the control (7) and screen (2) grids have the 
same spacings, and they are levelled up. The beam-tetrode 
has two more parts—metal beam-confining plates or shields, 
BCP, which are located between the screen grid, 2, and 
plate, P, and connected to the cathode. 

In the beam-tetrode, the electrons travelling from the 
cathode to the plate pass between the grid wires in a series 
of fan-shaped beams (sheets or layers). The beam-confining 
plates make the electrons concentrate on the cylindrical 
parts of the plate. Due to this concentration of electron 
beams, a negative space charge eliminating the dynatron 
effect is formed. 

Figure 14-22 shows the plate characteristics of a beam- 
tetrode, which illustrate that the dynatron effect in it is 
considerably smaller. 

The amplification factor of a beam-tetrode is about several 
hundred, its dynamic plate resistance ranges from tens 
to hundreds of kilohms, its mutual conductance varies from 
a few to several tens of milliamperes per volt, and its grid- 
to-plate capacitance Cyg, is approximately equal to 0.1 pF 
or 0.2 pF. 

The advantage of the beam-tetrode is the low screen-grid 
current which does not exceed 10 per cent of plate current. 


14-7. Pentodes 


The pentode is a five-electrode tube having a plate, a cathode 
and three grids: a control grid G,, a screen grid G, and a sup- 
pressor grid G; (Fig. 14-23). 

The suppressor grid G3; located between the screen grid 
and plate is connected to the cathode and, therefore, is 
at zero potential, @z3 = VU. The potentials at points in the 
field near the suppressor grid are lower than the plate 
potential, so the secondary electrons moving away from 
the plate run into a retarding field and return to the plate. 
In this way, the dynatron effect is eliminated. 

In pentodes, the wires of the screen grid are closely spa- 
ced and those of the suppressor grid are spaced wider apart 
than the control grid in accordance with their purpose. 


OG 


404 Part Two. Basic Electronics 






a G; 
S| ra shisiz 
oslp $0 
oe 20 
o$ eo 
os$ 30 
o3ars° 
oO e 20 
tT mika 
Plc C3 





F 


Fig. 14-23. Construction of an r.f. pentode 
and its diagram ;symbol 


The screen grid is intended to reduce the grid-to-plate 
capacitance, and the suppressor grid is used to bring down 
slightly the potentials at the points near it, which ensures 
the return of the secondary electrons to the emitting surface 
and, at the same time, does not offer considerable resistance 
to the primary electrons emitted by the cathode. 

The plate characteristic of the pentode has no dips due 
to the dynatron effect and is similar to that of the beam- 
tetrode (Fig. 14-22). At first, the plate current rises sharply 
with increasing plate voltage due to redistribution of cur- 
rents between the plate and screen grid. At a higher plate 
voltage, the current rises slowly because the third grid 
in the pentode reduces the effect of the plate voltage on 
the tube field and plate current still more. That is why the 
amplification factor and dynamic plate resistance of pen- 
todes reach such high values, the former being as high as 
one thousand and more and the latter being 1 or 2 megohms. 
The mutual conductance is low as compared with the triode, 
ranging from a few to tens of milliamperes per volt. 

Due to the very dense screen and the additional suppres- 
sor grid, the grid-plate capacitance of r.f. pentodes does 
not exceed 0.003 or 0.004 pF, which is far less in comparison 
with the tetrode. Such pentodes are widely used at radio 
frequencies and are the main receiving-amplifying and 
transmitting tubes. 

The r.f. pentodes whose grid-plate characteristics have 
two portions—a long gradual portion, 7, and a steep rising 
portion, 2 (Fig. 14-24)—are known as variable-mu or remote 
cut-off tubes. This type of characteristic is obtained by wind- 
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+Vg = Fig. 14-24. Plate-grid charac- 
teristic of a variable-y tube 


ing the control-grid wires with variable spacing, usually 
a wide spacing in the centre (a “window’) and a close spacing 
at the ends. Accordingly, the penetration factor of diffe- 
rent parts of the grid is not the same. At a very negative 
grid voltage, the tube is cut off by the closely spaced seg- 
ments of the grid, but remains conducting through the 
“window” which has a low amplification factor and insig- 
nificant conductance (Fig. 14-24, portion Z). At a low 
negative grid voltage, the marginal areas of the grid having 
a high amplification factor and mutual conductance are 
rendered conducting (portion 2). 

As is seen, the mutual conductance of these pentodes de- 
pends on the grid voltage. Such tubes are widely used, for 
example, in the automatic gain control circuits of radio 
receivers. 


14-8. Multiple-Unit and Multi-Grid Tubes 


There exist a great variety of multiple-unit and multi- 
grid tubes with which one can reduce the size and simplify 
the circuitry of electronic equipment. 

A multiple-unit tube contains several groups of electrodes 
associated with independent electron streams within one 
envelope. Examples of such tubes are shown in Fig. 14-25. 
Use is often made of double diodes (a), double diode-triodes 
(b), diode-pentodes (c), double triodes with a common ‘cath- 
ode (Fig. 14-15),"and“double triodes with separate cathodes 
(Fig. 14-16). 

A multi-grid tube contains a plate, a cathode and four 
or more grids. In these tubes, several electrodes can carry 
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Fig. 14-25. Diagram symbols of multiple-unit tubes 
(a) double diode: (b) double diode-triode; (c) diode-pentode 


i 
\' Fig. 14-26. Diag- 
xa _ ram symbols _ of 
multi-grid tubes 
(a) hexode; (b) hep- 
(a) (6) fa) Hexode (b) hep 


out the same function. For example, the plate current can 
be controlled by two voltages applied to separate grids. 
The influence exerted by one control grid upon the other 
is reduced by an additional grid placed between them. Tubes 
with six electrodes are called hexodes (Fig. 14-26,a), those 
having seven electrodes are known as heptodes (Fig. 14-26,b), 
and eight-electrode tubes are termed octodes. 

As has been stated in Secs 13-6 and 14-5, according to 
USSR State Standard GOST 13393-67, the second element 
in a tube designation indicates the type of the tube. In 
designations for Soviet-made tetrodes, pentodes and multi- 
ple-unit tubes, IJ stands for an output pentodeor a beam- 
power tetrode; K, for an r.f. variable-mu pentode; +H for 
an r.f. pentode; A, for a frequency-converter tube with 
two control grids, apart from a pentode; I, for a diode- 
triode; b, for a diode-pentode; @, for a triode-pentode; 
V1, for a triode-hexode, a triode-heptode and a triode-octode; 
P, for a double tetrode or a pentode (Russian letters through- 
out). 


Chapter Gas-Filled Tubes 
Fifteen 


15-1. Electric Discharges in Gases 
and Their Volt-Ampere Characteristics 


As their name implies, all gas-filled tubes have an amount 
of gas (or mercury vapour). When the cathode of a gas- 
filled tube is heated, it emits a very large supply of elec- 
trons which encounter the atoms of the gas or mercury va- 
pour. As this takes place, the electrons give up some part 
of their energy (mv*/2) to the gas atoms. If the velocity of 
these electrons is below some definite level, their encoun- 
ter will be elastic. Otherwise, this collision will be inelas- 
tic, and the energy obtained by the atoms will cause their 
excitation or ionization. In an excited atom, one or more 
electrons are in unstable energy states (or levels) that are 
higher than their normal energies. As this happens, the 
electrons emit radiation (a quantum of light) which causes 
the gas to glow. The energy necessary to excite an atom 
depends on the excitation potential, V.,. 

MVinax!2 = W exe = Vexcé (15-1) 
For example, the excitation potential for helium is 20.8 V 
and that for mercury vapour is 4.9 V. 

The energy necessary for ionization, that is, for splitting 

an atom into an ion and electrons, depends on the ioniza- 


tion potential, Vio,, which is higher than the excitation 
potential, namely 


MVevax!2 = W ion = Vion@ > Vexc (15-2) 

For example, the ionization potential for helium is 24.5 V 
and that for mercury vapour 10.4 V. 

Under normal conditions, any gas contains an insignifi- 


cant number of electrons and ions (charge carriers), so gases 
are good dielectrics. 
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Fig. 15-1. Test set-up to measure Fig. 15-2. Volt-ampere charac- 
the volt-ampere characteristic teristic of a discharge gap 


of a discharge gap 


A gas can be made conductive through ionization by 
radioactive or cosmic rays, by an electric field, or high 
temperature. When a gas is continuously ionized at a con- 
stant rate, the splitting of atoms into electrons and ions 
is accompanied by partial recombination, so that the num- 
ber of electrons per unit volume remains constant. 

If we apply a voltage to the electrodes of a gas-filled 
tube as shown in Fig. 15-1, the electric field will cause the 
charge carriers of the ionized gas, that is, positive ions 
and electrons, to move. The ions will move with, and the 
electrons against the field. As: the applied voltage rises, 
they will flow more rapidly. 

The operation of gas-filled tubes is based on the electric 
discharge caused by the flow of an electric current through 
the filling gas. 

At first, the current increases in proportion to the voltage 
across the electrodes (Fig. 15-2, section OA on the volt- 
ampere characteristic). Then, the rate of current rise slows 
down, and finally the current ceases growing (sections AB 
and BC). This means that all ions are transferred from one 
electrode to the other without recombination. This current 
is known as saturation current. If we increase the voltage 
further, the current will start rising again, at first slowly, 
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then, at what is known as the firing voltage, V;, suddenly. 
At this voltage, the speed of the electrons and their kinetic 
energy due to the increased field strength are enough to 
ionize neutral atoms by collision. So, impact or collision 
ionization takes place. In turn the secondary charges 
accelerated by the field produce further ionization, so that 
the number of electrons and ions rises cumulatively. The 
space between the electrodes is filled by an ionized gas, or 
the gas plasma, which has high conductivity. Due to this 
fact, the current rapidly rises and the voltage falls (Fig. 15-2, 
section C’D’ on the volt-ampere characteristic). When the 
number of free electrons quickly rises, a glow discharge takes 
place, revealed by a slight luminosity and hissing of the 
gas. Now the discharge becomes a self-maintaining one, 
because, no external ionizer is required to maintain it. 
The current density rises to about 10-* A/cm2. 

The most commonly used gas-filled devices utilizing 
glow discharge are neon-lamps, VA (voltage-regulator or 
voltage-reference) tubes, also known as stabilizer diodes, 
and thyratrons. 

Glow discharge is preceded by the Townsend or dark 
discharge at which the current density is considerably less, 
being about 10°§ A/cm?. 

An arc discharge occurs at a current density much greater 
than a glow-discharge—up to 10? A/cm?, and at a voltage 
of about 15 to 30 V. Arc discharges may occur not only in 
a rarefied gas but also under normal atmospheric pressure. 

Arc discharges can be initiated in different ways. 

(a) When the voltage in the interelectrode space reaches 
a certain value, called the arc firing voltage, V,,; (Fig. 15-2, 
point FE), the glow discharge turns into an are (Fig. 15-2, 
portion FG). In this case, the arc is maintained by ther- 
mionic emission from the cathode heated by ion bombard- 
ment. This is known as a self-maintaining discharge. Owing 
to thermionic emission, the number of electrons increases, 
and so does the arc current. As a result, the value of voltage 
drop across the ballast resistor grows and the voltage across 
the electrodes goes down. 

If the cathode is heated by a current from an external 
source, this process is called a nonself-maintaining are dis- 
charge. 
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V Fig. 15-3. Volt-ampere charac- 
teristic of an arc discharge 


(b) An arc discharge can be initiated by bringing the 
electrodes together until they touch each other. The elect- 
rodes are strongly heated at the point of contact, so the 
interelectrode space is ionized and an arc strikes when the 
electrodes are separated. The gas plasma between the elec- 
trodes has a very high temperature (over 4000°C) and 
high conductivity. As the current increases, the temperature 
and conductivity of the plasma rise but the voltage across 
the electrodes goes down, thus the arc has a drooping volt- 
ampere characteristic (Fig. 15-3). 

In addition to the arc discharge due to thermionic emis- 
sion from the cathode, the arc discharge can be caused by 
field emission from a liquid mercury, or mercury-pool, 
cathode (such as in mercury-vapour tubes). In this case, 
the arc discharge takes place in mercury vapour. The base 
of the arc is a luminous spot on the surface of the mercury 
pool which emits electrons ionizing the mercury vapour. 
The phenomenon of an electric arc was discovered by the 
Russian academician V. V. Petrov in 1802. 

In addition to the three main types of gas discharge 
considered above, two more varieties can be distinguished. 

Corona Discharge. \t is an easy matter to obtain a very 
strong electric field on the surface of small-diameter wires 
or wire points. When the field strength reaches a certain 
value, the Townsend discharge occurs and a weak glow 
known as a corona is observed. The corona discharge is 
initiated by gas ionization. , 

Spark Discharge. If the voltage across and the field 
strength in the air gap between the electrodes reach the 
breakdown values (see Sec. 1-7), a spark discharge takes 
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place. It appears as a brightly glowing tortuous channel 
connecting the electrodes. In this channel, the avalanche 
of electrons and ions follows the line of least resistance caus- 
ing the temperature and pressure to rise sharply, so the 
spark discharge is accompanied by crackling sound. 


15-2. Nonself-Maintaining Arc-Discharge Devices 
(a) Gas-Filled Thermionic Diodes 


A gas-filled thermionic diode or, simply, a gas diode is 
intended to rectify alternating current. It uses as a filler 
a small amount of mercury vapour or inert gas introduced 
under a pressure of 15 to 70 Pa (0.1 to 0.5 mm Hg) after 
its glass or metal envelope has been evacuated. The gas diode 
(Fig. 15-4) has two electrodes: nickel or graphite anode and 
an oxide-coated tungsten cathode. In power gas diodes, the 
cathode is put inside a metal container (a heat-conserving 
cathode, as it is called). The container’ greatly 
decreases the radiation of the heat, thereby saving filament 
power. 

The cathode is supplied by a filament transformer. The 
filament voltage should not be higher than 5 V because, 
if the voltage exceeds this level and the ionization potential 
is low (about 10 V for mercury vapour), an arc may strike 
between the cathode ends. Therefore, the filament current 
should be high, from unities to a few tens of amperes, so it 
takes more time (from several minutes to a few tens) to 
warm up the cathode. 

At first, when the anode voltage rises from zero, a purely 
electronic current flows in the gas diode because the velocity 
of electrons in the weak electric field is insufficient for them 
to ionize the gas. This process is represented by portion OA 
in the volt-ampere characteristic of the gas diode (Fig. 15-5). 
If the anode voltage is a little higher than the ionization 
potential, the electrons escaping from the cathode will be 
accelerated by the electric field to a velocity sufficient to 
excite and ionize the gas (or mercury vapour). 

The ionized gas turns into a plasma, and an arc discharge 
takes place. This instant is represented by point A on the 
characteristic of the gas diode. 
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—O} 
Fig. 15-4. Gas diode and _ its Fig. 15-5. Volt-ampere charac- 
diagram symbol teristic of a gas diode 


When the positive ions of the gas neutralize the negative 
space charge near the cathode, the electron emission slightly 
rises. 

The current rise caused by a decrease in the resistance 
of the anode circuit due to a load change, or an increased 
supply voltage, has almost no effect on the voltage drop 
between the anode and cathode. 

The operation of a gas diode under load is represented 
by portion BC of its volt-ampere characteristic. The vol- 
tage and current ought not to be increased further (the 
limit is shown by point B), because it may damage the tube. 

The advantage of a gas over a vacuum diode is a lower 
voltage drop, so rectifiers using gas diodes have a greater 
efficiency. 

As has already been said the gas diode needs a long warm- 
up period before the anode voltage may be applied, since 
otherwise the cathode may lose emission. 

Figure 15-6 shows the voltage and current waveforms of 
a half-wave gas rectifier. At first, the anode grows more 
positive, until it reaches the firing (or breakdown) poten- 
tial. At that instant, a discharge is established, and the 
anode potential suddenly decreases to a constant value. 
This condition is maintained until the end of the positive 
half-cycle, when the voltage drops to zero. The ‘negative 
half-cycle of the anode voltage has the usual shape of a 
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Fig. 15-6. Voltage and current Fig. 15-7. Gas diode rectifier 
waveforms of a gas diode used using a [ilter 
in a half-wave rectifier circuit 


half-sinusoid. The anode current appears as a train of sine- 
wave pulses with a clipped portion at the leading edge. 

Gas diode rectifiers utilize the same circuits as those based 
on vacuum diodes, except that no capacitor should be con- 
nected at the input of the filter (Fig. 15-7), since otherwise 
the charge current of the capacitor may exceed the maximum 
safe value, /,-max, and cause the cathode to lose emission, 
that is, damage the tube. 

The parameters describing the performance of gas diodes 
are the filament voltage and current, the maximum and 
average rectified current, the voltage drop across the tube, 
the peak inverse voltage, and the warm-up period. 

The maximum anode current should not exceed the 
cathode emission current. 

The peak inverse voltage is the maximum negative anode 
voltage at which the gas diode is still capable of unidirection- 
al conduction without an arc-back. 

Gas-filled diodes are used in low-power rectifiers (such 
as for battery charging, to supply control circuit, etc.). 


(b) Hot-Cathode Thyratrons 


Like gas diodes, thyratrons are arc-discharge tubes, and 
have much in common with them. What sets thyratrons 
apart from gas diodes is that they are grid-controlled tubes, 
having a third electrode, the grid, controlling the instant 
at which the tube can fire or start conducting (Fig. 15-8). 
The cathode in the thyratron is enclosed by a baffle whose 
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Fig. 15-8. Thyratron and its Fig. 15-9. Anode-grid charac- 
diagram symbol teristic of a hot-cathode thy- 
ratron 


upper window is covered by a grid made in the shape of 
a perforated disc. The baffle does not allow an electric 
field to bypass the grid and establish itself in the anode- 
cathode space. 

When a negative potential is applied to the grid, its elec- 
tric field opposes the main field of the thyratron. At first, 
the applied negative potential is sufficient to keep the tube 
non-conducting, so that Vz > Vg,cur_oss. Next, the grid is 
gradually made less negative until the grid voltage is some- 
what lower than Vg cy:-oss- In the circumstances, a very 
low current begins to flow in the anode circuit, rising with 
decreasing V,, as in the vacuum triode (Fig. 15-9). When 
the grid voltage decreases to V,— V4, the speed of electrons 
becomes high enough for them to cause _ ionization, 
establish an arc discharge, and produce the plasma. Now, 
the anode current jumps up to J,, (Fig. 15-9) whose value 
is determined by the load resistance, R, = R,, and anode 
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Fig. 15-10. Breakdown (zcii- 
control starting) characteristic 
and range of >» thyratron 


A-\ \/ 
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Fig. 15-11. Thyratron voltage and current waveforms for 
various phase differences between anode and grid vol- 
tages 








voltage, V,. In Fig. 15-9, the anode currents before and 
after the occurrence of a discharge are plotted to different 
scales. 

When an arc discharge is established, the anode current 
no longer depends on the grid voltage. This is because, when 
the arc strikes, the grid collects a layer of positive ions 
which neutralize the negative charges on the grid, so it 
cannot control the anode current any longer. The arc can 
now be quenched only by reducing the anode voltage to 
about zero. 

At a constant grid-cathode voltage, V,, the arc strikes 
when the anode voltage, V,, reaches what is known as the 
breakdown value. Hence, the anode voltage at which the 
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arc is established can be controlled by adjusting the grid 
voltage. 

A plot of breakdown (or starting) voltage as a function of 
grid voltage (Fig. 15-10) is called the breakdown (or grid- 
control starting) characteristic of a thyratron. At a fixed grid 
voltage, a thyratron may fire at different anode voltages, 
ranging from Vp-min to Vy-max. This is because the break- 
down voltage depends on several variables, namely the pres- 
sure in the envelope, ambient temperature, grid circuit 
resistance, filament current, etc. So, instead of a single curve, 
it is usual to specify a range bounded by the curves for 
Vo-min @8Nd Vop-max (Fig. 15-10). 

To hold the grid voltage at a safe value, a 1- to 100-ohm 
resistor is connected into the grid circuit. 

When it operates in a rectifier circuit, a thyratron fires 
at a positive anode voltage and goes out at an anode voltage 
close to zero once during each cycle. Let us supply the grid 
with an a.c. voltage Vz, at the same frequency as the anode 
voltage V,, but shifted in phase by an angle 1», (Fig. 15-11,a). 
Firing will take place when the negative grid voltage has 
decreased and anode voltage has risen, so that both cor- 
respond to point a on the grid-control starting characteristic 
(Fig. 15-10). In Figure 15-11, the grid-control starting 
characteristic is represented by the dashed line. 

By changing the phase of grid voltage, we can control 
the instant at which the thyratron fires (point b in Fig. 15-10). 
So, we can control the time that anode current can flow 
during each cycle, that is, the average current and voltage 
(Fig. 15-11,5). 

Thyratrons are used in a.c. circuits operating at frequen- 
cies from 1 to 10 kHz. At higher frequencies, the tube would 
fail to recover in time and the grid would lose control. 

They are employed in rectifiers, inverters, converters, 
automatic control systems, telemetry and telecontrol. 


15-3. Glow-Discharge Devices 


(a) Neon Indicator Lamps 


The ability of gases to emit light on a glow discharge is 
utilized in discharge lamps. Those used in radio and electro- 
nic circuits are usually filled with neon or a neon-argon 
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(c) 


Fig. 15-12. Indicator lamps 
(a) and (b) neon tubes and (c) their diagram symbol 


mixture under a pressure of 2500 to 4000 Pa (20 to 30 mm Hg), 
and are mostly known as neon indicator lamps. They can be 
of the two-electrode and multi-electrode types. The latter 
are also called numerical readout tubes because their cath- 
odes are given the shape of numerals. 

The electrodes of a.c. two-electrode indicator lamps are 
made identical (such as discs); those of d.c. indicator lamps 
usually differ in shape. 

Figure 15-12 shows two Soviet-made miniature neon 
lamps, types TH-0.2 and TH-0.3, intended for d.c. opera- 
tion. Their power rating is fractions of a watt. 

In the TH-0.2 indicator lamp (Fig. 15-12,a), the anode 
is a ring and the cathode is an oxide-coated disc. 

In the TH-0.3 (Fig. 15-12,b), the anode is a wire 3 mm 
in diameter, and the cathode is an oxide-coated cylinder. 

The breakdown voltage is always somewhat higher than 
the discharge voltage. So, to prevent indicator lamps from 
overload, ballast resistors are connected in series with them. 
Standard-size lamps (such as the Soviet-made TH-30) use 
ballast resistors built into the tube base; miniature devices 
use external ballast resistors. 

Numerical readout tubes directly display the values of 
the quantity being measured as digits. 

Figure 15-13,a shows a numerical readout tube contain- 
ing ten tungsten-wire cathodes which are given the shape 
of the numerals from 0 to 9. The anode is made up of a fine- 
wire mesh placed in front of all cathodes (Fig. 15-13,5). 
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Fig. 15-13. Numerical readout tube 


(a) external appearance; (b) end view; (c) arrangement of 
electrodes 


It is connected to the side screen surrounding the cathodes, 
so that the distance between the anode and each of the 
cathodes is approximately the same. 

The cathodes in the tube are arranged so that the “off” 
cathodes will not obstruct the view of those that are “on” 
(Fig. 15-13,c). 

The cathodes are turned on by a switching circuit. 


(b) VR Tubes 


Glow discharge tubes intended to stabilize voltage across 
a load or in a d.c. circuit are known as VR-tubes or stabili- 
zer diodes. 

One type of VR tube has a glass envelope (Fig. 15-14) 
containing a cylindrical cathode K and a wire anode A ar- 
ranged along the axis of the cathode. The envelope is filled 
with a mixture of inert gases (such as argon-neon or argon- 
helium) under a pressure of 2500 to 4000 Pa (20 to 30 mm Hg). 

The cathode is made of steel, nickel or molybdenum and 
activated on the inside with barium or cesium to reduce 
its work function. 

As is seen in Fig. 15-15, the normal glow region ABC on 
the volt-ampere characteristic of a VR tube runs almost 
parallel to the y-axis. 

The VR tube is connected in parallel with a load resistor, 
R, (Fig. 15-16), and the parallel circuit is connected in 
series with a ballast resistor R,. 
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Fig. 15-14. VR_ tube and its Fig. 415-15. Volt-ampere cha- 
diagram symbol racteristic of a VR tube 


The current in the ballast resistor is equal to that in 
the power source 


f=lyt+Ty, 


The input voltage is the sum of the voltage drops across 
the ballast resistor, V, = JR,, and across the load resistor 
or VR tube 


Vin=VotVer=LRo+Vsot 


Any change in the input voltage causes almost the same 
change in the voltage across the ballast resistor (AVinz ~ 
~ AV,), so an insignificant change can only occur in the 
voltage across the VR tube. This is because an incremental 
change in the VR tube voltage (AV,;) causes a considerable 
rise in the VR tube current (AJ,;) and ballast resistor cur- 
rent (AJ), and, consequently, a considerable rise in the 
voltage across the ballast resistor (AV,). 

When the input voltage is held constant, an increase 
in the load current results in a decrease in the VR tube 
current and an insignificant change in the load voltage. 

The performance of a VR tube is characterized in terms 
of the stabilization factor which shows how many times 
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Fig. 15-16. Circuit of a stabi- 
lizer using a VR tube 





a relative change in input voltage is greater than a relative 
change in load voltage: 
AVin/Vi 
hy aE = AV inV/AV Vin (15-3) 
Where high stabilized voltages are required, use is made 
of several VR tubes connected in series. 
VR tubes are manufactured for 70 V and higher and for 
currents ranging from 5 to 40 mA. 


(c) Barretters 


The barretter is a tube intended to maintain a constant 
current over a given supply voltage variation. 

A barretter consists of a glass envelope containing an 
iron- or tungsten-wire filament. The envelope is filled 
with hydrogen under a pressure of 6000 to 25,000 Pa (50 to 
200 mm Hg). 

The cooling and heating conditions of the barretter fila- 
ment are chosen such that any variation in the filament vol- 
tage produces almost a proportional change in its resistance. 
Thus, within certain limits, voltage variations result in 
insignificant current changes. 

A barretter connected in series with a load (Fig. 15-17) 
will maintain the load current at an almost constant value 
despite considerable variations in supply voltage. If the 


Barretter 


/ Ry 


Fig. 15-17. Connection of a bar- 
retter in a circuit 
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load resistance is constant, both the current through and 
voltage across the load will be maintained almost constant 
over supply voltage variations. 

Barretters can be used in both d.c. and a.c. circuits, be- 
cause they do not respond to sudden variations in current, 
as they have a considerable time lag (ranging from 1 to 3 min). 

Barretters have found wide application in long-distance 
communication circuits where they are used to stabilize 
the filament current of vacuum tubes. 


{d} Glow or Cold-Cathode Thyratrons 


Glow thyratrons are also known as cold-cathode thyratrons. 
The simplest cold-cathode thyratron consists of an envelope 
containing three electrodes (Fig. 15-18), namely the anode A, 
cathode K, and control grid (or trigger electrode) G. The 
filling gas and its pressure are the same as in the VR tube. 

Its atomic-film cathode is made in the form of a cylinder. 
The plate is made of molybdenum and is given the shape 
of a rod. The nickel grid is a ring or a hollow cylinder enclos- 
ing the plate. 

The power source F, (Fig. 15-19) sets up a grid voltage, 
Vz, across the gap between the cathode and grid, so that 
the starting Townsend discharge producing a low initial 
ionization takes place in this space. When a positive pulse 
is applied to the circuit, the grid current J, (Fig. 15-20, 
segment AB) rises by Al, (segment BC), which causes the 
Townsend discharge to turn into a glow discharge and reach 
the anode if the anode-to-cathode voltage V, is high enough 
to maintain the discharge. 

After the thyratron has fired, the grid loses all control 
over the thyratron current. 

The grid current J, ranges from a few to tens of microam- 
peres, while the anode current J, varies from a few to tens 
of milliamperes. 

The relation between the breakdown voltage V, and 
grid current J, is shown by the breakdown characteristic 
of a glow thyratron (Fig. 15-20). As J, is increased, the level 
of ionization in the cathode-anode space rises and V, goes 
down. However, V;, cannot be lower than V,,, the maintain- 
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Fig. 15-18. (a) Glow-discharge 
(cold-cathode) thyratron and 
(b) its diagram symbol 


(4) 
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Fig. 15-19. Connection of a Fig. 15-20. Breakdown charac- 
cold-cathode thyratron in a teristic of a  cold-cathode 
circuit thyratron 


ing voltage, that is, the one which maintains the glow 
discharge across the main gap. 

The glow thyratron can be quenched by breaking the anode 
circuit or by reducing the anode voltage below the maintain- 
ing voltage. 

The advantages of these thyratrons are their small size 
and mass, high mechanical strength, wide operating tem- 
perature range (from —60°C to +4100°C), long service life, 
and low power consumption (they draw no filament vol- 
tage). The main drawback is the instability of their characte- 
ristics. 

Glow thyratrons find use as relays in automatic control 
and other circuits, 
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15-4. Self-Maintaining Arc-Discharge Devices 
{a} General 


The main devices utilizing the self-maintaining (or self- 
sustaining) arc discharge are mercury-arc rectifiers, also 
known as mercury-pool diode tubes. 

Mercury-arc rectifiers are the most commonly used gas- 
discharge power rectifiers. 

Cathode emission is an important factor that limits the 
current-conducting capacity of thyratron tubes. The use 
of a mercury-pool cathode overcomes this limitation and 
extends the service life of a tube. 

Modern mercury-are rectifiers have metal envelopes. 

According to the manner in which the starting arc is 
initiated and maintained at the cathode, mercury-arc recti- 
fiers can be divided into ezcitrons and ignitrons. Apart 
from the main anode(s), an excitron has starting anodes 
which initiate an arc at starting and maintain it, especially 
when the load is disconnected. Ignitrons have no starting 
anodes, but they use a third electrode, the igniter rod, which 
produces a spark to establish a small localized arc before 
each positive half-cycle. 


(b) The Excitron 


At present, both multi-anode metal-tank rectifiers and 
sets of single-phase metal-tank rectifiers are manufactured 
designed for currents up to several thousands of amperes at 
medium voltages, and up to several hundreds of amperes 
at high voltages. 

Figure 15-21 shows the schematic circuit and connection 
diagram of a three-anode three-phase excitron. The eva- 
cuated metal envelope carries a mercury-pool cathode K, 
three main anodes A,, A, and As, and two auxiliary starting 
anodes A,. The three main anodes are connected to the se- 
condary windings of a three-phase transformer. These wind- 
ings are star-connected and their neutral serves as the minus 
side of the load circuit. Power for the starting anodes A, 
is supplied by an auxiliary transformer, 77T,,.. These anodes 
are used to maintain the starting arc irrespective of the load 
resistance Ff. 
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(a) 


Fig. 15-21. (a2) Construction and connection of a three- 
phase excitron and (b) its diagram symbol 


The mercury rectifier is started by pressing the button 
B,; voltage is thus applied to the auxiliary transformer. Due 
to the emf induced in the upper half of the secondary wind- 
ing of this transformer, current will flow through resistor 
ro, semiconductor igniter S, mercury-pool cathode K, 
resistor fg,x, and choke C. The semiconductor igniter, 
which is a rod made of boron carbide, is not wetted by 
mercury, that is why the current flow causes sparks between 
the rod and mercury pool, which initiate ionization. The 
electric field forces electrons to move from the cathode to 
the starting anode A,, whose potential at this time is posi- 
tive with respect to the cathode. While moving, the elec- 
trons ionize the mercury vapour which turns into a plasma, 
and an arc fires between the electrodes. When the potential 
at the first starting anode decreases and, at the same time, 
the potential at the second starting anode rises so that 
it exceeds that of the first one, the arc transfers from the 
first to the second starting anode. 
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The voltage drop in the plasma is small, so the most part 
of the voltage drop is across the layer between the mercury- 
pool cathode and the ion cloud which is formed at some 
distance from the cathode. The field strength in this layer 
reaches high values (about 10° V/cm), and the field causes 
the cathode to emit electrons. The source of this field emis- 
sion is the glowing mercury spot constantly moving about 
on the surface of the cathode. 

To maintain the cathode spot and, as a consequence, the 
arc, the anode current should not be less than 4 or 5 A. 

When the voltage at one of the anodes falls below the 
critical value, choke C (Fig. 15-21) maintains the current 
required for the arc not to go out until a sufficient current 
starts flowing through another anode as the applied anode 
voltage alternates. Thus, a continuous cathode spot is 
maintained and current flows via the secondary winding 
of the auxiliary transformer, starting anode, cathode, resistor 
Taux, and choke C to the neutral point of the secondary 
winding of the auxiliary transformer. 

Each time the anode and cathode voltage changes sign, 
that is, during the existence of inverse voltage, there ap- 
pears an insignificant inverse current between the electrodes. 

When the three-phase transformer and load A, are turned 
on, an arc is initiated between the cathode and main anode 
having the highest potential with respect to the cathode. 
Then, the arc is transferred to the second and third main 
anodes. Thus, current flows through each of the main 
anodes only for one-third of a cycle (see also Sec. 18-3). 

The voltage drop across the tube during conduction is 
usually small (about 20 to 25 V). 

Figure 15-22 shows the internal arrangement of a Soviet- 
made type PM-500 air-cooled metal-tank six-anode excitron 
intended for a medium current (500 A). 

At the bottom, the tank, 7, fitted with cooling fins, 2, 
has a cathode bowl, 3, holding the mercury pool, 4. The 
cathode lead, 5, igniter lead, 6, and igniter, 7, are located 
in the lower part of the bowl. The lid, 8, gives support to 
six main anodes, 9, with leads, 70, and also to starting 
anodes, 1/7, with leads, 72. The deionization filter, 73, 
limits ion flow to the plate, 9, and control grid, 74 (with 
lead 15) which controls the moment of firing. The screen, 
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Fig. 15-22. Const- 
ruction of an air- 
cooled metal-tank 
six-anode mercury- 
arc rectifier 





16, protects the anodes and grids against exposure to the 
ascending mercury vapour jet. 

Figure 15-23 is a sketch of the internal arrangement of 
a Soviet-made type PMHB-500 high-power single-anode 
excitron designed for a medium current (500 A). 

The igniter, 7, is a pointed rod made of boron carbide. 
The igniter conducts a short surge of current to the surface 
of the mercury pool and produces sparks which establish 
a small localized arc between the cathode and anode. The 
starting anode, 2, is a graphite rod located in a separate 
sleeve, 4. The graphite screen, 3, protects the anode against 
exposure to the mercury jet or drops and, at the same time, 
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Fig. 15-23. Const- 
ruction of a single- 
anode power excit- 
ron and its dia- 
gram symbol 


serves aS a deionization filter. The control grid encloses 
the anode from the bottom and sides. The tube utilizes water 
cooling applied through a spiral channel within the tank. 


(¢c] The Ignitron 


Figure 15-24 shows a low-power metal-tank ignitron and 
its diagram symbol. The tank, 7, is a steel cylinder cooled 
by water circulating in a water jacket. The tank encloses 
a graphite anode, 2, insulated by glass, 3. The cathode is 


428 - Part Two. Basic Electronics 










Sy 







<—~ 







Sew e we 
BQwe Banentewuenaaaaaa’ = 
Beste: 
mee wee ewe ewes 








ety 











<—_ fF 


Water out ~ 





e : : 
COS 

SSetonetassenetee | ots 

SOOT I Pod 


@ 
’ XO) 
aH Bedi 


wane 





™ 





oh 
sane eweeaewenaueay weuwen 






Fig. 15-24. Const- 
ruction of a_ low- 
power, metal-tank 
ignitron and its dia- 
gram symbol 


AES INE 
RIERA ET 





a metal bowl, 4, containing the mercury pool, 5. The igniter 
rod made of boron carbide starts an arc at the beginning 
of each anode voltage cycle. 
The advantages of the ignitron are a low voltage drop 
(15 to 20 V) and a high efficiency (of up to 98 or 99%). 
Ignitrons are used in rectifiers and welding equipment. 


15-5. Nomenclature for Soviet-Made Gas-Discharge Tubes 


In the Soviet Union, the type designation for a gas-dis- 
charge tube consists of three elements. 

The first element is a letter which characterizes the type 
of the tube. For example, CI’ stands for a VR tube; TT, 


Ch. 15. Gas-Filled Tubes 499 


for a gas-filled thyratron; TP, for a mercury-arc thyratron; 
TTP, for a mixed-gas thyratron; TX, for a glow thyratron; 
I'l’P, for a mixed-gas gas diode; ['X, for a glow-discharge 
gas diode; II’, for a gas-filled gas diode; IP, for a mercury- 
vapour gas diode; UM, for an ignitron; 9, for an excitron; 
YH, for a glow-discharge indicator tube; and CH, for a neon 
indicator tube. 

The second element is a number which indicates the 
numerical sequence of the tube. 

The third element differs in accordance with the type 
of the tube: (a) for low-power thyratrons and glow-discharge 
VR tubes, it is the letter which indicates the structure of 
the tube; (b) in the case of gas diodes, ignitrons and exci- 
trons, it is a fraction, the numerator specifying the average 
current (in amperes), and the denominator the peak inverse 
voltage (in kilovolts). 

For example, “MH-1” is interpreted as a neon indicator 
tube, type one; “CI’-3C”, as a VR tube, type three, in a glass 
envelope more than 22.5 mm in diameter; “O1-10/1.5”, as an 
excitron, type one (one anode, a metal envelope), 10-A ave- 
rage current, 1.5-kV peak inverse voltage; “TI1-0.1/0.3” 
as a gas-filled thyratron, type one, 0.1-A average current, 
0.3-kV peak inverse voltage. 


Chapter Semiconductor Devices 
Sixteen and Their Application 


16-1. Intrinsic Conduction in Semiconductors 


In terms of conductivity, semiconductors lie between 
conductors and insulators (or dielectrics). The resistivities 
of conductors, semiconductors and insulators are from 10-8 
to 10-5 ohm m, 10-5 to 107 ohm m and 10’ to 10! ohm m, 
respectively. 

The conductivity of semiconductors is strongly depen- 
dent on temperature, electric fields, incident light, applied 
pressure, etc. In contrast to conductors, they possess not 
only electron (or negative, N-type) conduction but also hole 
(positive or P-type) conduction. 

At present, the most commonly used semiconductor mate- 
rials are germanium, silicon, gallium arsenide, and sele- 
nium. 

Under certain conditions atoms form a particular type 
of chemical linkage in which each atom contributes one 
electron to a shared pair in the same orbit (Fig. 16-12). 
This type of chemical linkage is known as the covalent elec- 
tron-pair bond. Graphically, it can be shown by two lines 
connecting the atoms (Fig. 16-1b). For example, the element 
germanium belongs to the fourth group of Mendeleev’s perio- 
dic table of elements, so its atom has four electrons in the 
valence band. Consequently, each atom in a germanium 
crystal forms covalent bonds with four adjacent atoms 
(Fig. 16-1c). 

At a temperature close to absolute zero, a germanium crys- 
stal free from impurities is a dielectric—all of its valence 
electrons are mutually linked, there are no free electrons, 
and the material cannot conduct an electric current. As the 


Ch. 16. Semiconductor Devices and Their Application 431 





Fig. 16-4. Crystal lattice of a semiconductor 


(a) covalent electron-pair bond; (b) graphical representation of a 
covalent bond; (c) bonds in the crystal lattice of germanium 


temperature rises, or if the crystal is exposed to radiation, 
more valence electrons may acquire sufficient energy to 
break their covalent bonds and become free. Germanium 
behaves as a semiconductor already at room temperature. 
Under the action of an applied electric field, free electrons 
move and effect electron conduction. 

Each missing electron constitutes in a covalent bond 
a vacant place known as a hole. Any of the electrons from 
a neighbouring bond may jump into the hole to restore the 
normal bond in that place, but it will leave a new hole 
behind which may be occupied by another electron, and 
so on. If a semiconductor is placed in an electric field, the 
field will cause the holes to move with the field, which is 
opposite to the direction in which electrons move. The mo- 
tion of holes is equivalent to that of positive charges and 
constitutes a hole current. This is called hole conduction. 
In the case of electron conduction, a single free electron 
travels the entire path length in a crystal; in the case of 
hole conduction, a great number of electrons fill the vacan- 
cies in covalent bonds as if in a relay race, each travelling 
only a part of the total distance. 
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When covalent bondsjin a crystal of pure semiconductor 
are broken, equal numbers of electrons and holes appear 
simultaneously in it. 

Free electrons and holes appear in pairs, and the process 
is known as the generation of electron-hole pairs. Pair gene- 
ration is inevitably accompanied by recombination of car- 
rier pairs into neutral atoms. The generation and recombi- 
nation of electron-hole pairs occur simultaneously, so there 
is a limit to the number of electron-hole pairs that can exist 
in a unit volume at a given temperature. For example, the 
number of electron-hole pairs (known as the density, concen- 
tration or population of charge carriers) per cubic centi- 
metre of germanium at 20°C is n = (approx.) 2.5 x 10%, 
and the number of free electrons per cubic centimetre of 
a metal conductor is nm = (approx.) 10??-10?°. As is seen, 
the conductivity of germanium at normal temperature is 
considerably lower than that of metals. As the temperature 
increases, the number of free electrons and holes rises, too, 
and the conductivity of germanium grows greatly. 

Semiconductors not containing any impurities are called 
intrinsic, or l-type, semiconductors and possess intrinsic conduc- 
tion. 

Semiconductor materials have a negative temperature 
coefficient of resistance, whose value is 10 to 20 times that 
of metals. When a metal is heated by 1°C, its resistance 
increases approximately by 0.4%, while in the case of a semi- 
conductor, it falls by 4 to 8%. This property of semiconduc- 
tors is utilized, for example, in thermistors whose resistance 
changes greatly at slight variations in temperature. 


16-2. Impurity or Extrinsic Conduction 
in Semiconductors 


The properties of a semiconductor can be changed by 
adding an insignificant amount of an impurity. If a semi- 
conductor material is “doped” with atoms of some other 
element, it may come by an excess of free electrons over 
holes, or an excess of holes over free electrons. 

For example, if one atom in the crystal lattice of germanium 
is replaced by an atom of arsenic which is a five-valence ele- 
ment, four electrons of the arsenic will form covalent bonds 
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Fig. 16-2. Crystal lattice of an extrinsic semiconductor 
(a) donor impurity (arsenic); (b) acceptor impurity (indium) 


with three germanium atoms, while the fifth electron weakly 
connected to the arsenic atom becomes a free electron avail- 
able for conduction (Fig. 16-2a). Thus, the arsenic impu- 
rity enhances electron conduction. 

If indium, which is a three-valence element, is used to 
dope germanium, its three electrons will form covalent 
bonds with three germanium atoms. Now, there will be 
one incomplete bond on the fourth neighbouring germa- 
nium atom (Fig. 16-26). All the four bonds will be completed 
if the missing electron is taken from a nearby germanium 
atom. But the electron jumping from that atom will leave 
behind a hole which may in turn be filled by an electron 
moving in from an adjacent germanium atom, and so on. 
What we have is an apparent flow of holes in the semicon- 
ductor. So germanium doped with indium has an increased 
hole conduction. 

Semiconductors having predominantly electron conduc- 
tion are N-type semiconductors (with “N” standing for 
“negative’). Semiconductors having predominantly hole 
conduction are called P-type (with “P” standing for posi- 
tive). The charge carriers determining which type of conduc- 
tion is predominant are called majority carriers (electrons 
in an N-type and holes in a P-type semicondutor). The im- 
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purities responsible for electron conduction are called 
donor impurities or simply donors, because they donate (or 
contribute) excess electrons to the host material. The impu- 
rities causing the prevalence of hole conduction, that is, 
those having fewer valence electrons than the host semi- 
conductor, are called acceptors, because they accept excess 
electrons from the host. For germanium, examples of do- 
nors are arsenic, antimony and phosphorus, and examples 
of acceptors are indium, gallium and aluminium. 

Any impurity radically affects the conductivity of the 
host material, so that it may increase ten to hundred thou- 
sand times, depending on the impurity concentration. For 
example, under normal conditions, one cubic centimetre 
of pure germanium contains about 4.2 x 107% atoms and 
2.5 x 101° free electrons and holes. The addition of 0.001% 
of arsenic donates extra 10!” free electrons in the same vol- 
ume, and the electron conductivity increases about ten 
thousand times. 


16-3. The Crystal Diode 


When an N-type and a P-type semiconductors (for exam- 
ple, germanium) are joined together, a semiconductor (or 
crystal) diode (rectifier) is made (Fig. 16-3). 

Due to the high concentration of electrons in the N-type 
germanium as compared with the P-type, free electrons 
diffuse from the former into the latter. In a like manner, 
free holes diffuse from the P-type into the N-type germa- 
nium. The thin boundary region soon becomes devoid of 
holes on the P side and of electrons on the WN side. The result 
is an accumulation of positive charges at the boundary on 
the N side (a positive space charge) and of negative charges 
on the P side (a negative space charge). Now no more free 
electrons on the N side can go over to the P side because 
of the opposing forces of its negative ions, and no more free 
holes on the P side can go over to the WN side because of the 
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opposing forces of its positive ions. Thus, a potential bar- 
rier is formed, and the potential difference across this bar- 
rier gives rise to an electric field, €;, which stops further 
diffusion. The thin boundary layer devoid of majority car- 
riers and having a high resistance is called depletion (or bar- 
rier) layer, or the P-N transition region. 

The diffusion of majority carriers across the boundary 
layer is accompanied by the reverse motion of minority 
carriers (holes from the N region into the P region and of 
electrons from the P region into the N region), caused by the 
electric field established by the junction potential diffe- 
rence. This reverse flow of minority carriers directed against 
the diffusion current is called minority-carrier, or field- 
conduction, current. This current depends on the temperature 
of semiconductors and is often called thermal current. The 
currents due to diffusion and field conduction are equal 
in magnitude and opposite in polarity, so the total charge 
crossing the transition region per unit time is zero, as it 
should be, when no external field is applied. 

Let us connect the “--” terminal of a source to the metal 
electrode on the P side and the “—” terminal to that on the N 
side of a P-N transition region, as shown in Fig. 16-4. This 
will establish an external electric field, 6,,,, opposing 
the field of the P-N transition region. This field will drive 
electrons and holes toward the boundary layer. As this 
takes place, the number of majority carriers in the barrier 
region rises, the space charge decreases, and so do the mag- 
nitude of the potential barrier and the resistance of the 
depletion layer. This is called forward biasing, and the respec- 
tive current is called the forward current, I; it is consider- 
able even at a low voltage applied. 
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2 
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P Fig. 16-6. Germanium point- 
N bee — 9mm contact rectifier 


Let us reverse the polarity of the external source (Fig. 16-5). 
Now the external field acts in the same direction with the 
field of the P-N transition region, and the resultant field 
thus grows in intensity, so it will prevent majority carriers 
from passing through the depletion layer still more. This 
is reverse biasing, and associated with it is the reverse cur- 
rent, I,, which is caused by minority carriers. Since their 
concentration strongly depends on temperature it is also cal- 
led the thermal current. This current is rather low and may 
be neglected in some cases. 

Thus, a P-N transition region possesses pronounced unidi- 
rectional conduction, and it acts as a rectifier. The diagram 
symbol of a crystal (or semiconductor) rectifier is given 
in Fig. 16-3. 

The ratio of the forward current to the reverse current 
at the same voltage is called the rectification factor: 


k, = I,/I, (16-1) 


16-4. Germanium and Silicon Diodes 


As already noted, a device utilizing unidirectional con- 
duction across a P-N transition region is called a crystal 
diode or crystal rectifier. Such a device has one P-N transi- 
tion region and two terminals or leads. 

According to their design, crystal diodes can be classed 
into the point-contact type and the junction type. 

A point-contact germanium diode (Fig. 16-6) consists 
of a glass (or metal-glass) envelope or case 3 mm in diameter 
and 9 mm in length into which two leads are sealed. One 
of the leads gives support to an N-type germanium crystal, 
1, and the other carries a pointed wire (called a catwhisker), 
2, made of tungsten or gold. The tip of the wire is welded 
to the crystal surface by “shots” of current. The heavy cur- 
rent melts the semiconductor material around the point 
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of contact, so that after forming (as it is called), a small- 
diameter hemispherical P-N transition region is produced 
(Fig. 16-6). The maximum forward current of this rectifier 
is 16 mA and the peak-inverse voltage is 50 V. Due to the 
small surface of the P-N transition region, the diode has 
a capacitance of about 1 pF and low power dissipation. 

A germanium junction diode (Fig. 16-7a) consists of 
a wafer, 7, made of arsenic- or antimony-doped N-type 
germanium, and a dot of indium, 2, which is alloyed ona 
side of the wafer at about 500°C. In the molten state, the 
atoms of indium diffuse into the germanium, thereby form- 
ing a layer of P-type germanium, 2a (Fig. 16-72). Thus, 
a P-N junction is formed at the boundary of these two 
regions. 

Figure 16-7b shows a sketch of a junction germanium 
diode. The germanium crystal, 7, is carried by a crystal- 
holder, 3, to which the bottom lead, 4, is welded. The 
top lead, 4, is connected by an internal lead, 5, to the in- 
dium electrode, 2. The metal envelope, 6, is welded to the 
crystal-holder, 3, and a glass insulator, 7. Figure 16-8 is 
the volt-ampere characteristic of a germanium rectifier 
(curve J). 

Germanium diodes can handle current densities up to 
100 A/cm? at a forward voltage drop of up to 0.8 V. The 
maximum peak-inverse voltage is V,.; = 400 V. They can 
operate in the temperature range from —60°C to +75°C. 

Silicon rectifier diodes are made by alloying a dot of 
aluminium into a wafer of N-type silicon. These diodes 
can handle current densities up to 200 A/cm? at a forward 
voltage drop of up to 1-1.2 V. The peak-forward current 
Iy-; is over 1000 A and the peak-inverse voltage V,.; ex- 
ceeds 800 V. The temperature range extends from —60°C 
to +150°C. The volt-ampere characteristic of a silicon diode 
is given in Fig. 16-8 (curve 2). Figure 16-9 shows a Soviet- 
made type BK-100 air-cooled silicon diode intended for 
a current of 100 A. 

An increase in temperature boosts the generation of elec- 
tron-hole pairs in semiconductors, and their intrinsic conduc- 
tivity increases, as do the forward and, still more, the rever- 
se current of a crystal diode. In germanium and silicon 
diodes, the reverse current rises about 2 or 2.5 times per 
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Fig. 16-10. Effect of tempera- 
ture variations on the volt- 
ampere characteristic of a 
germanium diode 





ten degrees of temperature increase. The effect of tempera- 
ture variations on the volt-ampere characteristic is shown 
in Fig. 16-10. 

The main ratings and parameters of crystal diodes are: 
peak-forward current J,-;, forward voltage drop V; at 
Ip-+, peak-inverse voltage V,-;, peak-reverse current I,., 
at V,.;, maximum power dissipation P ymax, junction 
capacitance C; maximum allowable frequency fma;,, and 
operating temperature range. 


16-5. Copper-Oxide and Selenium Diodes 


A copper-oxide rectifier (Fig. 16-11) consists of a copper 
disc, 7, with a layer of cuprous oxide, 2, formed on it. For 
better contact, it is covered by a snugly fitting lead disc, 3, 
followed by a large-diameter brass disc, 4, which serves 
as a heat-sink. The layer of cuprous oxide is obtained by 
a thermal treatment of copper in an oxygen atmosphere. 
The outer layer of cuprous oxide, 2’, obtained in the atmos- 
phere with an excess of oxygen, has hole conduction; the 
layer of cuprous oxide, 2”, next to the copper baseplate, is 
produced in the atmosphere with a deficit of oxygen and 
has electron conduction. The two layers of cuprous oxide 
form a P-N junction. 

The peak-inverse voltage across this rectifier is not more 
than 10 V because it can break down at a peak-inverse 
voltage of 20 or 30 V. For higher voltages, they are put 
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Fig. 16-13. Selenium rectifier 


Fig. 16-14. Stack of selenium 
rectifiers 
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together on a stud to form a rectifying stack or pile. For 
better cooling, they are equipped with radiator washers to 
keep the temperature under +60°C, because otherwise the 
rectifier may lose its rectifying properties. Copper-oxide 
rectifiers can handle current densities up to 0.1 A/cm?. The 
volt-ampere characteristic of a copper-oxide rectifier is 
given in Fig. 16-42. 

A selenium rectifier (Fig. 16-13) consists of an aluminium 
or steel base plate, 7, which gives support to a coating 
of crystalline selenium, 2”, having hole conduction and 
serving as an electrode. The other electrode (known as the 
counter electrode), 2’, is a metallic film of a cadmium and 
tin alloy. The atoms of cadmium diffuse into the selenium 
and form an N-type layer. In this way, the crystalline and 
cadmium-doped selenium compose a barrier layer, 3. The 
counter electrode, 2’, is held down by a spring washer, 4. 

The peak inverse voltage across a selenium rectifier is 
from 20 to 40 V; should the voltage rise up to 60 or 80 V, 
the rectifier might break down. The operating temperature 
should not exceed +75°C, and the current density should 
not be over 0.1-0.2 A/cm”. Figure 16-14 shows a stack of 
selenium rectifiers. The volt-ampere characteristic of a sele- 
nium rectifier is given in Fig. 16-45. 


16-6. Application of Crystal Rectifiers 


According to their purpose, diodes can be divided into 
two groups: diodes intended to rectify power- and high- 
frequency current, and those for conversion of r.f. signals 
into audio frequency signals, that is, for detection. 

In addition to germanium and silicon rectifiers of which 
the latter prevail in heavy-current installations, the earlier 
types of selenium and copper-oxide rectifiers are still manu- 
factured. 

Although they can handle lower current densities and 
will stand up to lower inverse voltages, these rectifiers 
are easy and inexpensive to make, so they find application 
in a number of fields. Selenium rectifiers are used in bat- 
tery chargers, electroplating and electrolysis equipment 
operating at low voltages and high currents, and also at 
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s 16-16. Half-wave rectifier circuit and its load current and 
voltage waveforms 


low currents and high voltages where rectifiers can be 
connected in series. 

Copper-oxide rectifiers are used in the instrumentation 
field owing to the stability of their parameters, and also 
in electrolyzers operating at 4-6 V. 

One of the main applications for crystal rectifiers is 
the rectification of alternating current, that is, its conver- 
sion into direct (pulsating) current. 

Figure 16-16 shows an elementary rectifier circuit. In 
this circuit, the rectified current i flows through a crystal 
diode and load R, only during the positive half-cycles of 
the alternating voltage v supplied by the secondary wind- 
ing of a transformer. This current produces a rectified 
voltage v; across the load. During the negative half-cycles, 
the current does not flow through the load because the diode 
is turned off (nonconducting), and the peak inverse voltage 
across the diode is equal to the voltage amplitude, V,,. 

A major drawback of this circuit is the ripple in the load 
current and voltage. The ripple is reduced by smoothing 
(ripple) filters. Rectifiers and filters will be discussed 
in greater detail in Chapter 18. 

If it is necessary to obtain a forward current which exceeds 
the safe value for one diode, several diodes of the same type 
are connected in parallel (Fig. 16-17). To eliminate the 
difference in the currents flowing through the diodes, they 
are connected in series with low-value equalizing resistors. 
Owing to this arrangement, the parallel branches have 
almost the same resistance, although the diodes may dif- 
fer widely in resistance. 

If it is desired to obtain an inverse voltage which exceeds 
the peak inverse voltage for one rectifier, diodes should be 
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Fig. 16-17. Diodes in parallel Fig. 16-18. Diodes in series 


connected in series (Fig. 16-18). To secure equal division 
of the inverse voltage among the series-connected rectifiers 
with different reverse resistances, they are shunted with 
resistors R,,, which are by about an order of magnitude 
lower than the reverse resistance of the rectifiers. 

Owing to the stability of their parameters and consider- 
able slope of their volt-ampere characteristics, copper-oxide 
and selenium rectifiers can be series-connected without 
equalizing resistors. 


16-7. Marking of Crystal Diodes 


In the Soviet Union, the designations of low-power crys- 
tal diodes (to GOST 10862-64) consist of four elements 
(Russian letters throughout). 

The first element is a letter or numeral which indicates 
the material: I’ or 1 stand for germanium, K or 2 for silicon, 
and A or 3 for gallium arsenide. 

The second element is a letter which characterizes the 
type of the device: J{ stands for diodes, If for rectifying 
stacks or piles, and C for Zener diodes. 

The third element is the number which indicates the 
purpose or performance of the device. The numbers from 
101 to 199, from 201 to 299 and from 301 to 399 stand for 
rectifier diodes with average forward currents of up to 
0.3 A, 0.3 to 10 A, and over 10 A, respectively. The numbers 
from 4014 to 499 stand for universal diodes, and from 501 
to 599 for pulse diodes. 

The fourth element is a letter which characterizes the modi- 
fication of the given group of devices. 

Power diodes are designated in a different way. 
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16-8. The Silicon Zener Diode 


A silicon Zener diode is a good direct voltage regulator 
and a reliable voltage reference (this is the reason why it 
is also called a silicon VR diode). From conventional silicon 
diodes, the Zener diode differs by an increased concentration 
of charge carriers. 

For its operation the silicon Zener diode utilizes the 
knee, or sharp break, in its volt-ampere characteristic, 
which corresponds to reverse current and reverse voltage 
and runs parallel to the current axis (the solid line in 
Fig. 416-19). 

The maximum current of the Zener diode, Is:, max, is 
determined by the maximum power dissipation 


I st > Max Pywax!V (16-2) 


and is limited by ballast resistor Fp. 

The maximum current of various types of the Zener diodes 
ranges from 20 mA to 2 A. The rated voltage runs from 6 
to 400 V. The dynamic resistance within the effective range 
is from 1 ohm to 70 ohms, depending on the type. 

As is seen from the circuit diagram of a voltage stabilizer 
using a silicon Zener diode (Fig. 16-20), the load is connected 





Fig. 16-19. Volt-ampere charac- Fig. 16-20. Voltage stabilizer 
teristic of a silicon Zener diode using a silicon Zener diode 
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Emitter Base Collector 





(b) 


Fig. 16-21. Connection of a P-N-P transistor in a circuit 


in parallel with the Zener diode and the ballast resistor 
R, is connected in the common part of the circuit. In this 
circuit, the Zener diode is reverse-biased. 


16-9. Transistors 


A semiconductor device with two P-N junctions and 
three electrodes is called a transistor*. It can be used for 
power amplification and generation of electric oscillations. 

A transistor (Fig. 16-21a) consists of a thin N-type germa- 
nium wafer sandwiched between two pellets of indium. 
Indium atoms diffuse into the germanium and form two 
regions (7 and 3) with hole (P-type) conduction. The NV 
region is made very thin—from several to a few tens of micro- 
metres. The regions separated by the P-N junctions (Fig. 
16-216 and c) are called the emitter region (I*), the base re- 
gion (B) and the collector region (C), to each of which is made 
the respectively termed electrode and lead (or terminal). 

To begin with, assume that the emitter-base circuit is 
open, its current is zero, J, = 0, and a reverse voltage, 
E,, of about ten volts is applied between the collector and 
base. In the circumstances, a small reverse (thermal) collec- 


* This is the most commonly used type of transistor. There also 
exist transistors with four, five and more P-N junctions.— Transla- 
tor’s note. 
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tor current, J.)9, due to minority charges flows in the collec- 
tor circuit. This current is one of the transistor parame- 
ters. The lower this current, the better the semiconductor 
material used. 

Now let a direct voltage EF, (of about several volts) be 
applied between the emitter and base. 

The concentration of impurity atoms and holes in the 
emitter region is much greater than the concentration of 
impurity atoms and free electrons in the base region. The 
emitter-to-base voltage, ,, biases the junction in the for- 
ward direction. As the forward resistance of the P-N jun- 
ction is low, the emitter current, which is mainly due to 
holes, is relatively high even at a low value of £,. The 
minority carriers are said to be injected from the emitter 
into the base. In the base, an insignificant fraction of the 
holes recombines with free electrons, and their disappearance 
is made up for by new electrons coming from the external 
circuit, thereby giving rise to the base current /,. Diffusion 
causes a greater proportion of holes to keep moving in 
the base, reach the base-collector junction, and pass through 
the P-N junction to the collector electrode under the action 
of the electric field established by the source E,. This 
shows that the collector is intended to extract minority 
carriers coming from the base region. Thus, the current 
I,=I1,—ZI, arising in the base-collector circuit is of 
the same order of magnitude as the current in the emitter- 
base circuit. The ratio of an incremental change AJ, in the 
collector current to an incremental change AJ, in the emitter 
current with the collector voltage held constant is called 
the alpha current gain: 


a= kh; = Al,/AI, at V, = constant (16-3) 


The alpha current gain is always less than unity and ranges 
from 0.9 to 0.995. 

Figure 16-22 shows a sketch form of a germanium junction 
transistor. The base region is a wafer, 10, of N-type germa- 
nium. It is carried by a support, 9, connected to a lead, 2. 
On either side of the base is an indium electrode, § and 7/7. 
When indium is fused into the germanium, P-type regions 
are formed between each of these electrodes and the germa- 
nium base. The triode is enclosed in a metal case, 5 and 6. 
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Fig. 16-22. Soviet-made type Fig. 16-23. Connection of an 
II-13 germanium junction tran- N-P-N transistor in a circuit 
sistor 


The leads from the emitter (7 and 7) and the collector (2 
and 3) are insulated from the case by glass bushings, 4. 

In addition to P-N-P transistors, use is also made of 
N-P-N transistors (Fig. 16-23) which operate in the same 
way. In a N-P-N transistor, the voltage across the emitter 
and base forces the NV region to emit electrons to the P re- 
gion. The polarity of the sources Z, and F£, should be revers- 
ed as compared with that of the respective sources for 
a P-N-P transistor. 

In the circuits considered above (Fig. 16-21 and Fig. 16-23), 
the base is common to the emitter and collector circuits, 
so these are common-base circuits. 


16-10. Application of Transistors 
(a) Signal Amplification 


When a transistor operates as a signal amplifier, an 
input alternating voltage v;, (the signal to be amplified) 
is applied between the emitter and base in series with the. 
bias voltage source £, (Fig. 16-24a) or E, (Fig. 16-255), and 
the load resistor R, the voltage across which is the amplified 
signal is connected in series with a source E,, whose positive 
terminal is connected to the emitter. This is a common- 
emitter circuit, because the emitter is common to the base 
and collector circuits. 


Fig. 16-24. (a) Connection of a 
transistor and (b,c, d) its vol- 
(d) tage and current waveforms 








Fig. 16-25. Transistor circuit configurations 
(a) common-base; (b) common-emitter; (c) common-collector 
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If a negative bias voltage, that is, the forward voltage for 
the emitter junction, is applied to the base, a current will 
flow in the base circuit, and also in the collector circuit. 
This will give rise to voltages across the load resistor R, 
and the transistor resistance roy + re = (approx.) roo. In 
the presence of sinusoidal input signals (Fig. 16-24b), the 
currents in the base and collector circuits will change and 
so will the resistance of the collector junction; the result 
will be a redistribution of voltage between r,, and R,. 
A rise in the collector current will cause the voltage between 
the collector and emitter to go down, and that across the 
R, to go up. In the circumstances, the a.c. component of 
the load voltage may be tens of times the input voltage 
because [, > J, and EF, > £,. 

Figure 16-24c shows the direct and alternating components 
of the voltage between the base and emitter, V,,. Figure 
16-24d gives the direct and alternating components of 
the collector current. The alternating component of the 
output voltage v,,; = i,f, is proportional to the current, 
so, if plotted to another scale, the current curve is the curve 
of the output voltage v,,,;. 


(b) Configurations of Transistor Circuits 


The three common transistor configurations are known 
s (1) common- or grounded-base (Fig. 16-25a); (2) com- 
mon- or grounded-emitter (Fig. 16-255); and (3) common- 
or grounded-collector (Fig. 16-25c). The name of each cir- 
cuit shows which electrode of a transistor is common to the 
input and output circuits. 

Although these configurations differ in properties, the 
principle of amplification is the same. 

The common-base configuration has already been consid- 
ered. In this configuration, the input voltage source ig . 
connected in the emitter-base circuit, and the load and® 
power source are connected in the collector-base circuit. 
The input resistance of the common-base circuit is low, 
ranging from several to a few tens of ohms. This is betause 
the emitter junction is biased in the forward direction. 
In contrast, the output resistance of the circuit is high, 


29—0215 
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being from hundreds of kilohms to several megohms, because 
the collector is biased in the reverse direction. 

The low resistance of the common-base circuit is a major 
disadvantage which limits its application in amplifiers. 
It is mainly used in transformer coupled amplifiers. 

In such a circuit, all of the emitter current flows through 
the input voltage source, so there is no current amplification. 
As already noted, the alpha current gain is at best 0.9 to 
0.995. The voltage and power gain in this circuit may be 
as high as several hundred. 

Figure 16-25b shows the common-emitter configuration. 
In this case, the input voltage source is connected in the 
base-emitter circuit, and the load resistor R,; and power 
source are connected in the emitter-collector circuit, so 
that the emitter is common to the input and output circuits. 
The input resistance of the common-emitter circuit exceeds 
that of the common-base circuit and is equal to several hund- 
red ohms. This is because the input current is the base cur- 
rent which is considerably lower than the emitter and col- 
lector currents. The common-emitter circuit has a high out- 
put resistance which runs into handreds of kilohms. 

As is seen from Fig. 16-24, voltage amplification in the 
common-emitter circuit, is accompanied by a phase reversal 
of the output voltage with respect to the input voltage. 

The current gain of a common-emitter circuit is designa- 
ted by the letter B and is defined as the ratio of an incre- 
mental change in the collector current AJ, to an incremental 
change in the base current AJ, with the collector-to-base 
voltage held constant: 


B=AI,/AI,, V_ being constant (16-4) 
Noting that 7, = 7, + I, we may write: 
= Al aoe AI,/Al —_ a = 
o> AI-—AI,  (Ale/AI,)—(AI-/AIe) 1-—a (16 9) 


_ For this circuit, the value of B ranges from 10 to 200, and 
‘the voltage gain is of the same order as that of the common- 
base circuit, that is, several hundred. The power gain is 


kp = kik, = Bh 


and runs into several thousands which is many times the 
power gain of the common-base circuit. 
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Owing to these advantages, this configuration is most 
commonly used in amplifiers. 

In the common-collector configuration (Fig. 16-29c), 
the input voltage source is connected in the base circuit, 
and the load resistor R,; in the emitter circuit. The input 
current is the base current, and the output current is the 
emitter current. For this configuration, the current gain is 

1 
ky = AT/ATy = AI-MAT,— Al.) = ——aT FAT, 


1 
=r. (16-6) 





The input resistance of the common-collector circuit is 
high (up to tens of kilohms) and the output resistance is 
low (a few kilohms). The voltage gain of the common-collector 
stage is from 0.9 to 0.95, and the power gain is a few tens. 

The common-collector configuration is used rather sel- 
dom. It mainly serves to match amplifier stages of power 
sources and loads to amplifiers. As its voltage gain k, is 


close to unity, this circuit is often called an emitter-follow- 
er. 


(c) Transistor Characteristics 


The transistor characteristics represent the relationship 
between currents in and voltages across the input and output 
circuits. 

The input characteristics of a P-N-P transistor connected 
in a common-base circuit are given in Fig. 16-26: 


Ie=f (Ven), Vey being held constant 


When the voltage between the emitter and base V,, is 
low, the emitter current, J,, first rises slowly due to the 
high resistance of the P-N junction, then it increases more 
rapidly. 

In Fig. 16-26a, one characteristic is plotted at the zero 
collector-to-base voltage (V., = 0), and the other at V., = 
= —15 V. As V., becomes more negative, the input charac- 
teristic shifts to the left, because the emitter current slightly 
increases under the action of the field that V., establishes 
at the emitter junction. 


29* 
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Fig. 16-26. Volt-ampere characteristics of a P-N-P transistor connected 
in a common-base circuit 


Figure 16-26b, shows the output characteristics: 
I.=f(Ver), Ve being held constant 


These characteristics show that the collector-base voltage V ,, 
has an insignificant effect on the collector current, J, which 
mainly depends on the number of holes injected into the 
base, that is, on the emitter current, /,. 

The output characteristics make it possible to determine 
the alpha current gain (see Fig. 16-3): a=(approx.) AI ,/AI.¢, 
where AJ, is the difference in ordinate between two charac- 
teristics (for example, 2 and 3 mA’ in Fig. 16-265) at the 
same abscissa (for example, —7.5 V), and AJ, is the diffe- 
rence between the emitter currents at which the characteris- 
tics were plotted (for example, AJ, = 3—2=1 mA). 

The input and output characteristics of a P-N-P tran- 
sistor connected in a common-emitter circuit are given in 
Fig. 16-27. 

The input characteristics (Fig. 16-27a) represent the 
relationship between the base current J, and the base-to- 
emitter voltage V,,, with V,.. held constant: 


I,=f (Vee) at V.. held constant 
At low values of the V,,, the base current J, increases 


first slowly, then more rapidly with rising V,,., until it 
reaches a certain value where it no longer increases. The 


Ch. 16. Semiconductor Devices and Their Application 453 





Los 
_f... Ly 
| b I 
- “fe et A b3 
ae am I 52 
| | Iy4 

a | 
Teg (S—4\ 1 Ty =0_y, 

rs es 

Veer Veer “ce3 
(a) (b) 


Fig. 16-27. Static characteristics of a P-N-P transistor connecte:! in 
a common-emitter circuit 


slope of the linear portions of the characteristics is not the 
same for different output voltages, Vo.. 
The input characteristics shown in Fig. 16-276 are 


I.=fWVce), IL, being constant 


Within the effective range, the output characteristics of 
a P-N-P transistor connected in a common-emitter circuit 
rise more steeply than those of a transistor connected in 
a common-base circuit. This is the result of the effect that 
the collector voltage has on the injection of holes into the 
base. 

For a P-N-P transistor connected in a common-collector 
circuit, one usually uses the same characteristics as for the 
common-emitter circuit. 

The parameters used to characterize the properties of 
transistors can be divided into primary and secondary. 

The primary parameters include: 

(1) emitter junction resistance, r, (tens of ohms); 

(2) base resistance, r, (hundreds of ohms); 

(3) collector junction resistance, r, (tens of kilohms); 

(4) current gain (alpha or beta according to the circuit 
configuration). 
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The secondary parameters determine the relationship 
between incremental changes in currents in and voltages 
across a transistor. They vary according to the circuit confi- 
guration. The most widely used are the h- (or hybrid) para- 
meters. They can be determined from the static characteris- 
tics. For the common-emitter circuit (Fig. 16-255), the 
h-parameters can be found from the characteristics shown 
in Fig. 16-27. 

The h-parameters include the following quantities. 

1. Input impedance: 


hyy = AVye/ATy = (Vee — Vbe1)/(L02 — Lo1), Veer = constant 


(16-7) 
2. Voltage feedback ratio: 


hin = AV,,/AV,. = (V 502 — V ver)/(Vicex — Veei)) Ly,= constant 


(16-8) 
3. Forward current transfer ratio: 
hoy = AT/AL, = (Leg — Le1)/(L44 — L43), V cen = constant 
(16-9) 


4. Output admittance: 
hog = AI(/AV, = AI/(V ce3— Veer), Ly3= constant (16-10) 


Transistors offer a number of advantages over vacuum- 
tube devices. As they have no filament, their circuit is sim- 
pler, they have greater mechanical strength and longer service 
life, instantaneous readiness for operation, smaller size 
and mass, low supply voltage and a higher efficiency. 

Among the disadvantages of transistors are the dependence 
on ambient temperature, considerable difference between 
input and output impedances, low power output, overload 
sensitivity, and spread in parameters, that is, a marked 
difference in parameters between individual transistors of 
the same type. 


16-11. Type Designations of Transistors 


Transistors can be classified according to their electric 
parameters and performance. For example, in accordance 
with power dissipation, they can be divided into low-power 
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(usually up to 0.3 W), medium-power (from 0.3 to 3 W) 
and high-power (over 3 W) transistors. By signal frequency, 
they can be classed into low-frequency (up to 10 MHz), 
medium-frequency (from 10 to 100 MHz) and high-frequency 
(over 100 MHz) transistors. 

In the Soviet Union, transistors are designated as follows 
(to GOST 10862-64). The first element is a letter or a numeral 
which indicates the material (Russian letters throughout): 
1 or [ stands for germanium, 2 or K for silicon, and 3 or A 
for gallium arsenide. The second element is the letter T 
which stands for transistor. The third element is a three- 
digit number in which the first digit indicates the frequency 
and power dissipation group and the remaining two the 
ordinal type number, namely: 

101 to 199: low-power, low-frequency transistors; 

201 to 299: low-power, medium-frequency transistors; 

301 to 399: low-power, high-frequency transistors; 

401 to 499: medium-power, low-frequency transistors; 

501 to 599: medium-power, medium-frequency transistors; 

601 to 699: medium-power, high-frequency transistors; 

701 to 799: high-power, low-frequency transistors; 

801 to 899: high-power, medium-frequency transistors; 

901 to 999: high-power, high-frequency transistors. 

Sometimes there may be a range of transistor modifica- 
tions of a basic type, differing only in some parameters. 
In such a case, they have a letter at the end of the designation 
to identify the modification. For example, [T308A stands 
for a low-power, high-frequency germanium transistors, 
modification A; KT3412B for a low-power, high-frequency 
silicon transistor, modification B. 


16-12. Thyristors 


A thyristor is a four-layer (PNPN), three-junction, three- 
terminal semiconductor device which exhibits switching 
action. Referring to Fig. 16-28, its four layers, P,, N,, P, 
and N,, form three junctions, J,, J, and J; to which are 
made three terminals: anode (A), cathode (K), and gate (G). 

One of the oldest and most commonly used members in 
the thyristor family is the silicon-controlled rectifier (SCR), 
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(a) (b) 


Fig. 16-28. (2) Construction and (b) circuit diagram of a silicon control- 
led rectifier 


so the discussion that follows will mainly be concerned with 
the SCR and its operation. 

As in a transistor, the outer layers, P, and Nj, are called 
the emitter and collector regions, and the layer connected 
to the gate is called the base region. 

When the supply voltage V is low and the gate circuit is 
open, the two outer junctions, J, and J3, are biased in the 
forward direction, and the middle junction J,, is biased 
in the reverse direction. Since J, offers a high resistance as 
compared with J, and J3, it drops a considerable part of 
the supply voltage, and the current in the circuit is low. 

As the voltage across the SCR is raised, the current in it 
rises insignificantly, because it is limited by the high resis- 
tance of J, (Fig. 16-29, curve Oa). At what is known as the 
forward breakover voltage, V,,, the field at J, grows strong 
enough for ionization to take place, that is, for free electrons 
and holes to be produced. This goes on in a cumulative man- 
ner until an avalanche breakdown takes place at J,. The cur- 
rent in the thyristor rises to a value known as the breakover 
current, I,,, the voltage across the junction J, rapidly falls 
(to about 1V) because its resistance becomes negligible, 
and the SCR turns on. The power dissipated at J, is low, 
and the avalanche breakdown taking place at normal voltage 
will not cause irreversible changes in the SCR structure. 

The “ON” state of the device is represented by region ab 
(Fig. 16-29). The adjacent region bc is similar to the normal 
yo|t-ampere characteristic of a silicon rectifier. The SCR 
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Fig. 16-29. Volt-ampere characteristics of a silicon-controlled rectifier 


remains in the ON state as long as the current in the thyristor 
is high enough to produce charge carriers in J/,. When the 
current decreases to lower than what is known as the hold- 
ing current, I,, the SCR will turn off. 

If we connect the “+” terminal of an auxiliary battery 
to the gate, the gate trigger current I, will inject an addi- 
tional number of charge carriers, that is, electrons, into 
the base region. This brings down the breakover voltage of 
J,. Raising the gate trigger current lowers the voltage at 
which the thyristor is rendered conducting. As the current 
applied to the gate is raised to what is known as the latch- 
ing current I,, the SRC will remain on and operate as an 
uncontrolled rectifier (Fig. 16-29, region Obc of the volt- 
ampere characteristic). 

To sum up, a thyristor can be turned on (rendered con- 
ducting) either by applying the breakover voltage V,, at 
which the avalanche breakdown occurs, or by applying the 
gate trigger current [,, so that additional charge carriers 
are injected into the base region. As it takes about 10 us 
to turn on a thyristor and the gate has no control over its 
operation after it has been turned on, a short gate trigger 
pulse will be enough to cause the SCR to turn on. 

When a reverse voltage, V,, is applied to its terminals, 
its junctions J, and J, are biased in the reverse direction, 
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(a) (b) 


Fig. 16-30. (2) Two SCRs connected in parallel front-to-back and (b) 
load current waveform 


and block the SCR irrespective of the voltage at the gate. 
Now its volt-ampere characteristic does not differ from that 
of a conventional rectifier (Fig. 16-29). 

In addition to triode thyristors, there are also diode thy- 
ristors. Both types are often used as static switches. They 
have two stable states; in one state, the resistance of the de- 
vice is high (r = approx. oo), so that the circuit is open, 
and, in the other, the resistance is low (r = approx. 0), 
so that the circuit is closed. 

Figure 16-30 shows two SCRs connected in parallel front- 
to-back and placed in a circuit driven by a sinewave voltage 
and containing a resistive load R,. If we apply gate trigger 
pulses, J 1, to the first SCR at the beginning of each cycle 
(a = 0), the current in this branch will flow during the 
whole half-cycle, 7/2. If we apply gate trigger pulses with 
a time shift, ¢, = @,/w, the current will flow in this branch 
only during a part of the half-cycle, between ¢, and 7/2 
(Fig. 16-305). The same will take place in the second branch, 
if the time shift between gate trigger pulses J,,, and I gis 
is a half-cycle (Fig. 16-306). Thus, when the gate trigger 
pulses J,, and I,;. are applied at different instants in a 
cycle (at different firing angles a), the duration of current 
flow can be varied during each half-cycle and, therefore 
the rms load current defined as the half-cycle-averaged ordi- 
nate of the shaded area (Fig. 16-30), can be controlled without 
resort to any devices with movable controls, 

The main ratings of SCRs are: 
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(1) forward breakover voltage, V,,, defined as the anode 
voltage at which the SCR turns on, with the gate circuit open; 

(2) residual voltage, V,,,, defined as the forward voltage 
across the device in the “ON” state at the nominal current; 

(3) reverse current, /,, defined as that existing at a spe- 
cified voltage; 

(4) gate trigger current, J ,,, defined as the minimum d.c. 
gate current required to cause the SCR to switch from the 
nonconducting to the conducting state; 

(5) maximum current, /;-max, defined, as the maximum 
safe current in the “ON” state; 

(6) holding current, /;,, defined as the minimum current 
below which the SCR will not stay on; 

(7) breakover current, /,,, defined as the current corres- 
ponding to the breakover voltage; 

(8) firing time, t;, defined as the time interval between 
the instant of a gate trigger pulse and the instant when the 
voltage across the SCR reaches 10% of the initial value; 

(9) turn-off time, t,-,, defined as the minimum time 
interval during which the reverse voltage should be applied 
to the SCR to turn it off. 


Chapter Photoelectric 
Seventeen Devices 


17-1. Photocells 


A photocell (or phototube) is 1» vacuum, gas-filled, semi- 
conductor or any other device whose electrical properties 
(current, resist:nce or emf) vary with the intensity of light 
that strikes its active material 

According to the medium through which electrons move, 
photocells can be divided into three classes: 

— vacuum-tube photocells in which electrons move in 
a vacuum; 

— gas-filled photocells in which electrons move in and 
ionize a rarefied gas; 

— semiconductor photocells in which electrons liberated 
by light either increase their conductivity or produce an 
emf. 

Vacuum and gas-filled phototubes utilize photoelectric 
emission, also known as the outer or external photoeffect. 

As explained in Sec. 13-4, photoelectric emission consists 
in that incident light imparts additional energy to the elec- 
trons of the material so that they escape from the surface 
into a vacuum or rarefied gas. 

Photo-conductive cells utilize the photoconductive effect, 
also known as the internal or inner photoelectric effect. 

The photoconductive effect consists in that incident light 
imparts additional energy to some electrons, ionizes some 
atoms, and causes the production of new charge carriers — 
electrons and holes, so that the resistance of the material 
goes down. 

Semiconductor photocells, such as photodiodes and pho- 
totransistors, utilize the photovoltaic effect. In this case, 
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Fig. 17-14. Vacuum phototube Fig. 17-2. Connection of a pho- 
and its diagram symbol totube in a circuit 


light incident on a P-N junction causes the generation of 
electron-hole pairs, the junction field separates them, and 
an emf is produced across the P-N junction. 

Photodiodes operate either with an external bias source 
(the current mode), or without an external bias because they 
themselves can generate an emf (the photovoltaic or voltage 
mode). 

The most commonly used vacuum phototubes are oxygen- 
cesium and antimony-cesium types. 

An oxygen-cesium vacuum phototube (Fig. 17-1) consists 
of an evacuated glass envelope whose inner surface, except 
a small window to pass light, is coated with a layer of silver 
(a base layer) and a semiconductor layer of cesium oxide 
which serves as the cathode, K. In antimony-cesium photo- 
tubes, the base layer of antimony is coated with a semicon- 
ductor layer. 

The anode, A, is shaped into a ring because it should not 
prevent light from reaching the cathode. 

Gas-filled phototubes are only of the oxygen-cesium type. 
They differ from vacuum phetotubes in only that, after eva- 
cuation and prior to sealing. the envelope is filled with an 
amount of argon at a low pressure. 

Connecting a phototube to a load resistor, R;, and a power 
source (Fig. 17-2) applies am anode voltage, V,, across the 
phototube, and establishes an electric field between the 
anode and cathode. If light is now allowed to strike the cath- 
ode through the window, the field will force the electrons 
to move from the cathode to the anode. In this way a pho- 
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Fig. 17-3. Luminous characteristics of (a2) a vacuum 
phototube and (b) a gas-filled phototube 


tocurrent is caused to flow in the circuit so long as the cath- 
ode is illuminated. The relationship between the photocur- 
rent J,; and the light flux ® with the supply voltage being 
held constant, 


Typn=f(®) V being constant 


is called the luminous characteristic of a phototube. For 
vacuum phototubes, it is linear (Fig. 17-3a) 


I pn =S@ 


For gas-filled phototubes, it is nonlinear (Fig. 17-30). 

In a gas-filled phototube, electrons ionize atoms of the 
filling gas, so that the number of free electrons increases 
and so does the photocurrent. The ratio of the anode current 
I, augmented by gas ionization to the initial photocurrent 
Ip, is termed the gas amplification factor 


ky=I/Ipn 


The gas amplification factor rises with increasing gas 
concentration and usually ranges from 4 to 6. 

One of the important parameters of a phototube is its 
luminous sensitivity defined as the ratio of the photocurrent 
in microamperes to the white light flux (in lumens) supplied 
by a standard light source 


S=Ipp/® 
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The luminous sensitivity of vacuum phototubes is from 
20 to 120 pA/Im; that of gas phototubes ranges from 150 
to 250 pA/In. 

The photoelectric emission and, as a consequence, the 
photocurrent of a phototube depend on the wavelength A 
of the incident light. So, in addition to the luminous sen- 
sitivity, it is customary to specify the spectral response or 
spectral sensitivity characteristic of a phototube. The spectral 
response of a phototube is the ratio of its photocurrent to 
the incident luminous flux at a specified wavelength 


Sy = pr_r/Dy 


The relationship between the luminous sensitivity of a 
phototube and the wavelength of the incident light is called 
the spectral characteristic of the phototube 


S, =f (A), ®, = constant and V, = constant 


As is seen in Fig. 17-4, an antimony-cesium phototube 
is most sensitive to blue-green light (it has a peak on its 
spectral characteristic at A = 0.4-0.5 wm). An oxygen- 
cesium phototube has two peaks: at A = 0.35 wm and A = 
= 0.8 um. 

The anode volt-ampere characteristics (or, simply, anode 
characteristics) of a vacuum phototube (Fig. 17-5), which 
represent the relationship between the photocurrent and 
anode voltage 


Ipn=f(Va), @ being constant 


are nonlinear. When the voltage rises, the photocurrent 
increases rapidly first, then more slowly, until it ceases 
rising altogether (saturation is said to take place). 

With gas phototubes (Fig. 17-6), an increase in the anode 
voltage causes the anode characteristic to bend upwards, 
following its flat portion; this happens because of ionization. 

One of the characteristic properties of phototubes is 
fatigue, that is, an impairment in their performance with 
time. 

Since the photocurrent produced by phototubes is low 
(about several milliamperes), it is customary to-use them 
in conjunction with tube or transistor amplifiers. 
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Fig. 17-4. Spectral characteristics of vacuum phototubes 
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Fig. 17-5. Anode characteristics Fig. 17-6. Anode characteristics 
of a vacuum phototube of a gas phototube 


Phototubes have found wide application in various fields 
of electronics, automation, television, sound motion-pic- 
tures, instrumentation, etc. 

Some of the simple circuits utilizing phototubes are dis- 
cussed in Chapter 21. 


17-2. The Photomultiplier Tube 


A photomultiplier tube (or a multiplier phototube) is 
a photoemissive tube, that is, one utilizing the external 
photoeffect, whose photocurrent is multiplied by secondary 
emission. 

A photomultiplier tube (Fig. 17-7) consists of a glass 
envelope containing a number of secondary-emitting elect- 
rodes (dynodes), D,, D. and so on, between the photocathode 
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Fig. 17-7. Construction of a photomultiplier and its diagram symbol 


and the output electrode, usually called the collector. The 
surface of the dynodes is coated with a layer of an emitting 
material. Every next dynode operates at a higher positive 
potential than the preceding one, typically about 100 V 
higher. The number of secondary electrons emitted by each 
dynode exceeds the number of primary electrons striking 
its surface. The ratio of the number of secondary to that 
of primary electrons is called the secondary-emission coef- 
ficient (production coefficient or the ratio of secondary emis- 
sion) designated 4,,; it usually is 3 or 4 per stage (that is, 
per dynode). If a multiplier phototube has n stages (or dyn- 
odes), its output current might be amplified A; times. How- 
ever, the maximum output current of a photomultiplier tube 
does not exceed a few tens of milliamperes. 

The sensitivity of a photomultiplier tube may be as high 
as 100 A/Im. Photomultiplier tubes are used to measure 
faint luminous fluxes down to about 10-° Im. 

Soviet-made photomultiplier tubes have a varying num- 


ber of stages (dynodes); they are designated DOY-1 through 
DIY-19. 


17-3. Photoresistors 


A photoresistor (also called a bulk photoconductor) is a 
semiconductor device whose resistance is appreciably de- 
creased by incident light. This happens because the semi- 
conductor absorbs luminous energy which ionizes its atoms 
and increases the number of free electrons and holes, so 
its resistance drops. 
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Fig. 17-8. Photoresistor 
(a) construction; (b) general appearance; 
(c) diagram symbol; (d) circuit diagram 

A photoresistor (Fig. 17-8,a and 6) consists of a glass 
baseplate, 7, coated (by evaporation in a vacuum) with a 
thin layer of a semiconductor material, 2, and two metal 
electrodes, 3, brought outside at its edges. : 

The semiconductor layer is given a coat of clear varnish 
to protect it from moisture and mechanical damage. The 
baseplate is enclosed in a case with two pins to which the 
electrodes are connected. The symbol and circuit diagram 
of a photoresistor are shown in Fig. 17-8c and d. 

The semiconductor materials used-for photoresistors are 
lead sulphide, cadmium selenide and cadmium sulphide. 
The Soviet-made photoresistors using these materials are 
designated as follows (Russian letters throughout); MCA, 
@MCJ, and CH, respectively. 

It is advisable to use the first type in the infra-red and 
the other types in the visible region of the spectrum. 

In the absence of illumination, a low current, known as 
the dark current, flows in a photoresistor. The resistance 
corresponding to this current is known as the dark resistance; 
it ranges from hundreds of kilohms to several magohms. 
When the photoresistor is illuminated, a current, known as 
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Fig. 17-9. Volt-ampere charac- 


0 teristic of a photoresistor 


the joint current, flows in it. The difference between the 
joint and dark currents is called the photocurrent: J,, = 


_—— 
— 2 — 


Photoresistors have the same resistance in both directions 
and can only operate when driven by an external supply. 

Photoresistors are characterized by luminous sensitivity, 
S = I,,/®, which is measured in pA/Im. 

The luminous sensitivity is by two orders of magnitude 
vreater than that of vacuum or gas phototubes. 

The volt-ampere characteristic of a photoresistor (Fig. 17-9) 

Ipn=f(V), ®=constant 
is usually linear. 

Photoresistors have a considerable time lag, a nonlinear 
dependence of the photocurrent on luminous flux (the lumi- 
nous characteristic Ip, = f (®) at V = constant), and an 
electrical resistance strongly dependent on temperature, 
which is their major drawback. 

Photoresistors have found wide use in industrial electron- 
ics, automation and computers. 


Several simple circuits utilizing photoresistors will be 
discussed in Chapter 21. 


17-4. Semiconductor Photovoltaic Cells 


A crystal photovoltaic (or barrier-layer) cell is a semicon- 
ductor device which generates an emf when illuminated by 
light. This emf is known as the photo-emf. For its operation, 
i barrier-layer photocell or, which is the same, the rectifier 
photocell depends on the barrier layer existing between P- 
and N-type semiconductors. 

When light hits the surface of a photovoltaic cell near 
the P-N junction, the crystal is ionized and new electron- 
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Fig. 17-10. Germanium barrier- Fig. 17-11. Silicon photovoltaic 
layer photocell and itsdiagram cell 
symbol 


hole pairs are generated. The electric field of the P-N junc- 
tion (6,;) forces the electrons to move to the N-layer and the 
holes to the P-layer. This produces an excess of holes in the 
P-layer and of electrons in the N-layer. The resulting poten- 
tial difference (photo-emf) between the P- and N-layers gives 
rise to a current, J, flowing from the P to the N-electrode in 
the external circuit. This current depends on the number of 
electrons and holes and, therefore, on the incident flux. 

Figure 17-10 is a sketch of a germanium barrier-layer pho- 
tocell. It consists of an N-type germanium plate, 1, into 
which a dot of indium, 2, is molten. During manufacture, 
a P-type region is formed in the germanium wafer, just above 
the indium do soa P-N junction is produced at the boundary 
between the P-type area and the germanium. The germanium 
layer is so thin that light easily passes through it on to the 
barrier layer. The photocell is built into an acrylic plastic 
case encapsulated in an insulating compound, 3, through 
which two leads are brought outside. 

A silicon photovoltaic cell (Fig. 17-11) consists of a sili- 
con slab doped with an impurity which produces N-type 
conduction. The slab surface is doped (by diffusion in a va- 
cuum) with boron which produces a P-type layer 2 pm 
thick. Silicon photovoltaic cells are arranged into solar 
batteries which convert solar energy directly into electricity. 
Their efficiency is about 11%. In particular, they are used 
in artificial satellites to supply their radio equipment. 

Barrier-layer photocells have a sensitivity of up to 410 
mA/Im. Their main advantage over other photocells is that 
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lig. 17-12. (a) Photodiode; (b) its diagram symbol and 
(c) a circuit for operation in the voltage mode 





Fig. 17-13. Photodiode con- 
nected in a circuit for ope- 
ration in the current mode 





they do not require a power source. Barrier-layer photocells 
are widely used in various fields of electronics, automation, 
Instrumentation, etc. 

A photovoltaic cell having two electrodes separated by 
i P-N junction is called a photodiode. 

As already noted in passing, photodiodes can operate in 
any one of two modes, namely the current mode and the 
photovoltaic or voltage mode. In the former case, they need 
und, in the latter case, they do not need an external bias 
source for their operation. 

Figure 17-12 shows a sketch of a photodiode, its diagram 
svmbol and circuit for operation in the photovoltaic or vol- 
lage mode. 

Referring to Fig. 17-12c, when light hits the photodiode, 
additional electron-hole pairs are generated; some of them 
reach the P-N junction where the junction field drives the 
holes into the P region, whereas the electrons remain in the 
N region because they cannot overcome the potential barrier. 
Thus, the holes and electrons are accumulated in the P 
und MV regions, respectively, so that a potential difference, 
(he photo-emf, is established between the electrodes, It may 
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be as high as 1 V. If the circuit is connected to a load 
(Fig. 17-12c), a current will flow through it. 

In the current mode, the photodiode is reverse-biased 
(Fig. 17-13). In the absence of illumination, a low reverse 
current, known as the dark current, flows through the diode. 
Light falling on the N region of the diode generates electron- 
hole pairs. The holes reach the P-N junction and, forced by 
its electric field, pass to the P region. Thus, light gives rise 
to a minority-carrier current from the N to the P region; 
this is a photocurrent. A change in the circuit current, which 
depends on the illumination of the diode, results in a vol- 
tage drop across the load proportional to the luminous flux 
incident on the photodiode. The photodiode operating in 
the current mode is similar to a photoresistor having a high 
integrated sensitivity. For example, the Soviet-made MJI-H1 
silicon diode has a sensitivity of 4 to 5 mA/Im, and type 
@MJI-2 germanium diode 20 to 25 mA/Im. The former has 
a dark current of 1 to 3 wA and the latter, 10 pA. 


Chapter Rectifiers 
Eighteen 


18-1. Half-Wave Rectification 


Rectification is the conversion of alternating current to 
direct (pulsating) current. It is carried out by devices which 
have a very low forward and a very high reverse resistance. 
As already noted, such devices are called rectifiers. These 
may be crystal diodes, vacuum diodes, gas diodes, etc. 

Figure 18-1 shows the volt-ampere characteristic of an 
ideal rectifier with zero forward resistance, R;, and an infin- 
itely high reverse resistance, R,. The characteristic has 
two regions: Oa—along the positive current (y-) axis, and 
Ob—along the negative voltage (or z-) axis (for the reverse 
voltage). 

Figure 18-2a gives a piecewise-linear approximation of 
the volt-ampere characteristic of a diode (segments bO 
and Oa). This characteristic may be derived from an equiv- 
alent circuit consisting of an ideal rectifier and a series 
resistor which represents the forward resistance, R,;, of a 
practical diode (Fig. 18-25). 

If we apply a sinewave voltage, v = V,, sin wf, to an 
ideal rectifier (R; = 0) connected in series with a load resis- 
tor, R, (Fig. 18-3a), the current in the circuit during the 
positive half-cycles (v > 0) (Fig. 18-35) will be 


i=v/(R;+ R,)=v/R, =V sin ot/R, =I, sin ot (18-1) 
During the negative half-cycles (v <0), there is no current 
flowing in the circuit because the rect ifer presents an infin- 


ilely large reverse resistance, that is 


i =v/(R, + Ry) =v/oo =0 (18-12) 


Fig. 18-1. Volt-ampere characteristic of an 
ideal rectifier 
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Fig. 18-2. (a) Volt-ampere characteristic of a rectifier and (6) its 
equivalent circuit 
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Fig. 18-3. (a) Rectifier connected in series with a load resistor; (b) wave- 
forms for v, v, and i; (c) waveform for rectifier voltage v;, 
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Thus, the circuit passes only one half-wave of sinusoidal 
current during each cycle or period (Fig. 18-3b). 

During the positive half-cycles, the load voltage is equal 
to the applied voltage, iR; = uv; = v, and the voltage across 
the rectifier is zero because its forward resistance is R; = 0 
(Fig. 18-3c). During the negative half-cycles, the load voltage 
is zero (Fig. 18-3b) because the circuit current i is zero, and 
the voltage across the rectifier (Fig. 18-3c) is equal to the ap- 
plied voltage. The load voltage has a waveform similar to 
that of the current. As is seen, both the load voltage and 
the circuit current are pulsating. 

In the analysis of electric circuits carrying nonsinusoidal, 
especially pulsating, currents and voltages, it is customary 
to use Fourier’s theorem. According to this theorem, a period- 
ical quantity may be expanded into the sum of a constant 
(time-invariant) component and a number of sinusoidal com- 
ponents differing in amplitude, frequency and epoch angle 
(or initial phase). 

A sinusoidal component having the same frequency as 
the given nonsinusoidal quantity is called the fundamental 
or the first harmonic. The sinusoidal quantity at twice the 
fundamental frequency is called the second harmonic. 

By applying Fourier’s expansion half-wave rectified 
current may be written 


21 4 21 
3r cos 20t — 3X 5m 


=I])+ J, sin ot —I,,,cos 2wt —I,,,cos4wt—... (18-2) 


cos4at... 








i= ,/n-+— sin ot — 


As is seen, the Fourier series contains the d.c. component 
Ei flat (18-3) 


T 

equal to the average current J, = al idt, the fun- 
0 

damental whose amplitude is [,, = /,,/2 and whose freq- 


uency, f, is equal to that of the applied voltage, and even 
harmonics with frequencies 2f, 4f, and so on, 
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The rms current in the same circuit can be determined, 
using the definition given by Eq. (5-10) 


; (7) ; T/2 
| 7 | @at— a | Th sin? ot de 
0 0 


=1,/2= > I, (18-4) 


The rms load voltage is 
Vi — V,/2 


The d.c. component of the load voltage or, which is the 
same, the average rectified load voltage is 


Using Eq. (18-5), we can determine the rms voltage across 
the circuit from the given rectified voltage, Vo. 

The peak-inverse voltage across the rectifier (Fig. 18-3c) 
is equal to the maximum voltage across the circuit 


V 4 V 5 (18-6) 
The total power in terms of the rms input current and 
rectifier voltage is 


by qt m2 
S=IV= >I va! == 2Va Po 
= (approx.) 3.5P, (18-7) 


Thus, the apparent power, S (sometimes called the design 
secondary power of a transformer), is 3.5 times the power 
due to the rectified load current, Py = IV. 

The ripple in a pulsating voltage or current is stated in 
terms of the ripple factor, q, defined as the ratio of the ampli- 
tude of the current or voltage fundamental to the respective 
d.c. component: 


G=T 2515 Or g=Vim/Vo (18-8) 
For a half-wave rectifier, the ripple factor is 
Q=L4m/L9 = (Lm/2)/T m/n) = 0/2=1.57 (18-82) 


A major disadvantage of half-wave rectification is a large 
amount of ripple in the load current and voltage, that is, 
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an excessively large alternating component in the load cur- 
rent and voltage. This can be reduced by means of smoothing 
filters. 


Example 18-1. Find the alternating voltage that must 
be applied to a half-wave rectifier (Fig. 18-3) to obtain a 
rectified voltage of 225 V. 

Solution. 

According to Eq. (18-5), the supply voltage is 


V = JV,,/0.45 = 225/0.45 = 500V 


18-2. Full-Wave Rectification 


Full-wave rectifier circuits are used more often than half- 
wave circuits because they make a better use of a power source 
(a transformer) and produce a lower ripple in the load current 
and voltage. 

Figure 18-4a gives a full-wave rectifier circuit in which 
the transformer has a centre tap. 

Leads J and 2 of the transformer secondary are connected 
to the anodes of two rectifiers whose cathodes are connected 
via a load resistor, R;, to the centre tap on the same winding. 

During the first half-cycle, the potential at point 7 is 
higher than that at the centre tap, O, and the current is 
flowing through the first diode and lead. 

During the second half-cycle, the potential at point 2 
exceeds that at the centre tap, O, and the current is flowing 
via the second rectifier and load. Thus, two half-waves of 
current pass through the load in the same direction during 
each cycle (Fig. 18-4c). Therefore, the direct component of 
the load current is twice as great as in the case of a half- 
wave rectifier circuit (18-3), that is 


Ty = 21m! (18-9) 


and the rms load current is 


1-/ 2 | i2dt =I,,/V 2 
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Fig. 18-4. (a) Full-wave 
rectifier circuit; (b) sup- 
ply voltage waveform; 
(c) load voltage and cur- 
rent waveforms; (d) re- 
verse voltage waveform 





Since the current is flowing through each rectifier only 
during a half-cycle, the average current of the rectifier is 
one half the average load current. 

The direct component of the load voltage is 


Vo=MoR, = 2, Rr/n==Vy, 


an 22 76 Oy (18-40) 


It 





or twice that in the case of half-wave rectification [see 
Eq. (418-5)]. 

During the first half-cycle, the first diode is conducting. 
Since its forward resistance is zero, R; = 0, the load voltage 
is equal to the voltage across half of the transformer secon- 
dary, v; =v. During the same half-cycle, a negative vol- 
tage equal to the sum of the voltage across one half of the 
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transformer secondary and the load voltage, vg, =v + 

+ vz, = 2v, is applied to the second (nonconducting) diode. 
Thus, a peak-inverse voltage of a full-wave rectifier is 

twice the amplitude of the voltage across the winding 


Vpi=2Vm=2VW=2V2 aya orn (18-11) 
The active power in the load is 
Po Php S12 SV al alee Vi = (18-12) 


As is seen, with full-wave rectification, the active power is 
equal to the apparent power. 
The power in the load due to the rectified current is 


Po = [Vp = (21 m/N) (2V m/m) = (2 V 2/n)2 IV 
=0.81 8 


The ripple factor for any rectifier, except the half-wave 
type, is given by 


q = 2/(m? — 1) (18-13) 


where m is the number of phases in the rectifier. 
A full-wave rectifier is treated as a two-phase circuit in 
which the phase difference is a half-cycle (7/2). 
Applying Eq. (18-13) to a full-wave rectifier, we get 


— 2/(22 — 1) = 2/3 = 0.667 


Major drawbacks of this circuit are a high peak-inverse 
voltage and poor utilization of the transformer secondary, 
because current is flowing in each half of the winding only 
during one half-cycle. 

Full-wave rectifiers are used to supply tubes in radio 
receivers, TV sets, amplifiers and low-power oscillators. 

Figure 18-5 shows a bridge-type full-wave rectifier. 

Each arm of the bridge contains a rectifier diode. The 
sinusoidal voltage, v = V, sin ot, to be rectified is applied 
across one pair of bridge junctions, a and c, while the load 
resistor, A,, is connected across the other pair of the bridge 
junctions, b and d. During the positive half-cycles, when 
the potential at point a exceeds that at point c (v > 0), 
diodes D, and D, are conducting, their resistance being 
Rp, = Rp, = 0, and diodes D; and D, are turned off because 
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Fig. 18-5. Bridge-type  full- 
wave rectifier circuit 


a negative voltage equal to the supply voltage v is applied 
to each of them. Thus, during the positive half-cycles, the 
current 


i=v/(2R;+ R,) =v/R_=V sin ot/R, =1m sin ot 


from the source is flowing through D,, R,; and D,. During 
the negative half-cycles (V< 0), diodes D, and D, are 
conducting, whereas diodes D, and D, are not. Now the 
current is flowing from the source via D3, R,; and D,. 

Thus, two unidirectional half-waves of current are flow- 
ing via the load during each cycle, and the load voltage 
is the sum of two half-waves of the same sign. Therefore, 
as in the previous case, the direct component of the load 
current according to Eq. (18-9) is 


I, = 21 yn! 
and the direct component of the load voltage is 
Vo= 1) Rp =A p/n=0.9V (18-14) 


In contrast to the previous case, the peak-inverse voltage 
across the rectifier is equal to the maximum input voltage 


VV. (18-15) 


As in the previous case, the average current in each diode 
is one-half of the average load current. 

A bridge rectifier offers a number of advantages over the 
previous rectifier circuit: the peak-inverse voltage across 
the diodes is halved; the circuit makes a better use of the 
transformer, because the secondary current is flowing during 
the whole cycle; and, finally, the circuit can operate without 
a transformer. 
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A major, disadvantage is that it requires four rectifiers, 
whereas the former circuit uses only two. 

The bridge-type rectifier circuit is usually based on crys- 
tal diodes. 


Example 18-2. Given. A bridge rectifier circuit built 
around diodes having a peak-inverse voltage of 350 V. 

To find. The rms supply voltage, V, and the rectified 
voltage, Vo. 

Solution. 

According to Eq. (18-15), V,-; = Vm, so the rms supply 
voltage is 


V=V,,/V 2=350/1.41 = (approx.) 248 V 


Recalling Eq. (18-14), we may write for the rectified vol- 
tage 
Vo = 0.9 V = 0.9 X 248 = 223 V 


18-3. Three-Phase Rectifiers 


Figure 18-6a shows a likely arrangement for a three-phase 
rectifier. 

The starts A, B and C of the secondary windings of a three- 
phase transformer are connected to the anodes of three dio- 
des whose cathode leads meet a common junction, O’. The 
load resistor, R,;, is connected between the two common 
junctions, O and O’. 

Through each diode, current is flowing one-third of a 
cycle when the voltage of the transformer phase containing 
this diode exceeds those of the other two phases. In Fig. 18-6), 
this voltage is represented by a heavy curve made up of the 
tops of the sinusoidal phase voltages. So long as one recti- 
fier is conducting, the other two are turned off and their 
resistances are infinity. So the current path is from the 
transformer phase, via the conducting rectifier to the load. 
With an ideal rectifier and resistive load, the circuit cur- 
rent is i = v/R,, and the load voltage is equal to the phase 
voltage, v = v; = iR,. So the plot given in Fig. 18-6) 
also represents the load voltage, v,. The same plot, but 
drawn to some other scale, would hold for the load current. 
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R, 


(a) 7 2 
Fig. 18-6. (a) Circuit diagram of a three-phase rectifier and b) phase 
saltape waveforms 


Thus, in contrast to a full-wave rectifier where the load 
voltage and current vary from zero to peak values, a three- 
phase rectifier produces a substantially smaller ripple in the 
load current and voltage. 

In order to determine the average rectified (load) voltage 
which is given by the average ordinate of the v-curve, we 
find the area bounded by this curve, the ordinates corres- 
ponding to times 7/12 and 57/12, and the z-axis, and divide 
it by the base, that is, 7/3, 





5T/12 =) 
Vo=F3 V»sin ot dt = ne: VA 
T/12 
=(0.827V,=1.17V (18-16) 


The average rectified load current is 
Ip =V,/Ri = (3 V 3/22) (Vin/ Rr) = (3/n) (V 3/2) Im 
= 0.827 Im (18-17) 


Since the current is flowing through each rectifier diode 
only during one-third of a cycle, its average value is one- 
third the load current 


I, = 1)/3 (18-18) 


The maximum secondary currents of the transformer or 
the peak rectifier currents equal to them can be derived 
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from Eq. (18-17): 


Tm=Tr, m= 2n1o/3 V 3=1.21 1, (18-19) 
or, recalling Eq. (48-18), we finally obtain 
| es eee ed es ee oe (18-19a) 


The peak-inverse voltage is equal to the peak line voltage 
Voi =V 3V m= V3 (2nV,/3 V 3) = 2nV 0/3 


= 2.09 Vy 
The ripple factor in this case is 


q = 2/(3% — 1) = 0.25 


18-4. Selection of Diodes for Rectifier Circuits 


In most cases, we select and design semiconductor rectifier 
circuits on the basis of the following specified quantities: 
primary alternating voltage V, average rectified (load) 
voltage V,, and average rectified load current J. 

After a circuit configuration has been selected, we deter- 
mine the circuit in each rectifier, the type of the rectifier 
and the number of parallel branches. Then we find the peak- 
inverse rectifier voltage V,-; and the number of diodes con- 
nected in series. Finally, we determine the input voltage V, 
and the turns ratio of a transformer. When selecting recti- 
fier diodes, it is important not to exceed the maximum safe 
values of V,-;, /;-max and J) given by the manufacturers in 
their data sheets. 

Let us consider several examples. 


Example 18-3. Given. The limiting current of a Soviet- 
made type J[226 diode, [¢3;m = 200 mA; the required rec- 
tified current, 7, = 900 mA. 

To find. The number of type J[226 crystal diodes necessary 
to produce the specified rectified current in a full-wave 
rectifier. 

Solution. 

Since 1/2 I, >I g,1im, several diodes must be connected 
in parallel. The number of diodes connected in parallel is 
given by 


ni= 1/2 [,/kiLa, lim 


34-0215 
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where k; = 0.5 to 0.8 is the load current factor; in our case, 
we adopt 4; = 0.75. 

Thus, the number of parallel branches is m = 450/0.75 x 
x 200 = 3. 

As the diodes somewhat differ in forward resistance, se- 
ries resistors are placed in tandem with them to equalize 
their currents (see Fig. 16-17). The values of the series resis- 
tors are given by 


> Vy. av (m—1) 4 (3—1) 


Smnlg dm—tdlp 3X3'X173—14 X45 X13 
= (approx.) 4 ohms 


where V;,q, is the average forward voltage drop across a 
diode. 


Example 18-4. Given. V,,. = 700 V, V;,-; = 300 V, 
[,-max == 300 pA. ) 

To find. The number of Soviet-made type J[226B crystal 
diodes in a single-phase bridge rectifier. 

Solution. 

The peak-inverse sinusoidal voltage is 


Vm=V 2Vq.c=V 2 X 700 = (approx.) 1000 V 


Since V,, > V,,-;, the required number of diodes con- 
nected in series (Fig. 16-18) is found to be n = Viyp/k,Vyp-i = 
= 1000/0.7 x 300 = (approx.)5. Here, k, = 0.5 to 0.8 
is the load voltage factor. In our case, k, = 0.7. 

In order to equalize the reverse resistances of the diodes, 
they are shunted by resistors. Their resistance is given by 


nV,, ,—11V 4. a0) 
ee pet pe 2-300) iohiis 


Ras (n—1) 1 ~ (5—1) XB 1X18 


r-max 


18-5. Response of an RC Network 
(a) Forced Response of an RC Network 


Let there be a network consisting of an unchanged capa- 
citor of capacitance C, and a resistor of resistance R, con- 
nected to a d.c. source of voltage V (Fig. 18-7). 

It is assumed that prior to applying power to the RC 
network, the capacitor is uncharged, the voltage across it is 
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Fig. 18-7. Explaining the forced Fig. 18-8. Current and voltage 
response of an RC network waveforms in the forced res- 
ponse of an RC_ network 


Vc = 0. So at the initial time (t = 0), the voltage drop 
across the resistor R is equal to V, and a current 


=V/R=I 


is flowing in the network. 

After power is applied, a flow of current, i, is started 
accompanied by a gradual build-up of charge, Q, on the 
capacitor. As a result, a voltage, vc = Q/C, is developed 
across it, bringing down the voltage drop across the resistor R 


iR = V—vU¢ 


in accordance with Kirchhoff’s second (voltage) law. Hence 
the current 
= (V —v,)/R 


will go down, and the rate of charge build-up wil] decrease, 
too, because 
i = dQ/dt (18-20) 


With time, the capacitor continues charging, but its 
charge Q and voltage uv, increase at a slower rate (Fig. 18-8), 
so the circuit current gradually decreases in proportion to 
the potential difference, V — v¢ 

A sufficiently long (theoretically: infinitely long) time 
later, the capacitor voltage equals the source voltage, the 
current falls to zero, and the capacitor is fully charged. 

In practice, charging is considered to be complete when 
the current has decreased to one per cent of its initial value, 


oe ld 
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V/R, or, which is the same, when the capacitor voltage has 
reached 99% of the source voltage, V. 

The charging time increases with increasing circuit resis- 
tance A as it limits the current, and with increasing capa- 
citance C, because a greater capacitance accumulates a lar- 
ger charge. The rate of charging is characterized by the time 
constant of the network 


t= RC (18-24) 


As t increases, the rate of charging slows down. 
The time constant has the dimension of time 


[t}= [RC] =Q x C/V=Q x AxXs/V=s 


In t seconds after power is applied, the capacitor voltage 
reaches about 63% of its full value, and in 5t the capacitor 
is considered to be fully charged. 

In charging, the capacitor voltage is 


Veo =V--Vexp(—t/t)=V [1—exp(—#/t)] (18-22) 


or, in words, it is equal to the difference between the d.c. 
source (or steady-state) voltage and what is known as the 
force-free or transient voliage, V exp (—t/t) which decreases 
with time exponentially from V to 0 (Fig. 18-8). 

The charging current of the capacitor is 


ic = (V/R) exp (— t/t) = 1 exp (—t/t) (18-23) 


The capacitor current, ic, too, decreases exponentially 
with time from its initial value J = V/R (Fig. 18-8). 


(b) Free Response of an RC Network 


Now assume that prior to the switching the capacitor C 
was allowed to charge to the source voltage V, and trace the 
response of the network as the capacitor discharges through 
the resistor R (Fig. 18-9). To initiate a discharge, the switch 
is moved from position JZ to position 2. Initially, the circuit 
current is i = V/R = I, the capacitor begins to discharge 
and its voltage begins to go down. As Uc decreases, the 
circuit current, i =v ,/R, also decreases (Fig. 18-10). 
After 5t = ORC, the capacitor voltage and the circuit cur- 
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0 C 2¢ 3C 4¢ 


Fig. 18-9. Explaining the free Fig. 18-10. Current and vol- 
response of an RC network tage waveforms in the free res- 
ponse of an RC network 


rent will have decreased to one per cent of their initial va- 
lues, and the capacitor is considered to be fully discharged. 

The voltage across the capacitor during discharge has a 
zero steady-state component, and its force-free or transient 


voltage is 
Vo = V exp (—t/t) (18-24) 


that is, it decreases exponentially with time (Fig. 18-10). 
The same reasoning applies to the discharge current of 
the capacitor 


ig = —v°/R = —I exp (—t/t) 


that is, it also decreases with time according to the expo- 
nential law (Fig. 18-10). 

All of the energy stored by the capacitor as an electric 
field on charge is dissipated in the resistor R as heat during 
discharge. 

The electric field of a charged capacitor disconnected 
from its power source cannot remain the same for a long 
time because the dielectric and insulation of the capacitor 
have a certain conductivity. 

The discharge of a capacitor due to the conduction through 
its dielectric and insulation is known as _ self-discharge. 
The self-discharge time constant t of a capacitor does not 
depend on the shape of and spacing between the capacitor 
plates. 
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Thus, we have seen that both the forced and force-free 
response of an RC network is accompanied by transient pro- 
cesses (or simply, transients). 


18-6. Wave Rectifiers 


A rectified voltage (or current) consists of a direct and an 
alternating component. 

In most cases, d.c. loads utilize only the direct voltage 
(or current) component. The alternating component is not 
used; indeed, it causes considerable power losses, reduces 
the efficiency of devices, and is sometimes accompanied by 
other undesirable effects. This is why every effort is made 
to reduce the alternating component, more commonly known 
as the ripple. The ripple is reduced by smoothing or ripple 
filters connected between the output of a rectifier and its 
load. 

The efficiency of a ripple filter is defined as the ratio of 
its input to output ripple factors 


S = Gin/Qout (18-25) 


and is called the smoothing factor; it shows how effective 
a filter is in reducing the ripple. 

The most commonly used types of ripple filter are capa- 
citor-input, choke-input, LC and RC filters. 

A capacitor-input filter is essentially a capacitor of capa- 
citance C connected in parallel with the load resistor, R, 
(Fig. 18-41a). 

The rectifier voltage v, is equal to the difference between 
the source voltage v and the capacitor voltage vc, that is, 
Vv, =U — Uc. The current can flow through the rectifier 
only when v — vc > 0. Therefore, at time ¢’ (Fig. 18-115) 
when v — v,; > 0, the capacitor begins charging, and the 
charge current i, and load current i, begin flowing through 
the rectifier, so that i, = ic + iz. 

At time t”, when v — vc = 0, the capacitor ceases char- 
ging, the voltage v falls to below vg, and the capacitor begins 
to discharge through the load resistor R,. In this case, the 
voltage across the capacitor decreases exponentially with 
time 

Vo=Vcp exp (—t/t) 
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t! t! 


(6) 


Fig. 18-11. (a) Capacitor-input filter in a rectifier cir- 
cuit and (b) voltage and current waveforms 


where V co = voltage across the capacitor at time t” 
when the rectifier is turned off 
t = CR, = discharge time constant of the circuit, or 
the time during which v¢ decreases to 
1/e = 1/2.72 of its original value 
When t > 7, the voltage decreases insignificantly until 
the rectifier is driven to conduction again. During the same 
time, the discharge current of the capacitor which is also 
the load current (ig = i,) varies as little. Then the chain 
of events repeats itself all over again. In this way, the load 
voltage v; =Ug¢ and the load current i; =v,/R, are 
smoothed. 
During the negative half-cycles, the source voltage is com- 
bined with the load voltage, so that the peak-inverse vol- 
tage of the diode may be 


V2 oV (18-26) 


Capacitor-input filters are used in low-power rectifiers. 

As its name implies, a choke-input filter (Fig. 18-412) 
consists of a choke (which is an inductor coil wound on 
an iron core) having inductance L, inductive reactance 
x, = ol, and resistance R;, which is connected in series 
with a load resistor R,. 

The choke-input filter operates effectively in circuits 
handling high currents, provided that mwL > R, and Ry < 
< R,. Then the direct component at the input differs but 
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Fig. 18-12. Choke-input 
filter in arectifier circuit 


(2) (a) 


Fig. 18-13. Filters 
(a) L-section LC-filter; (b) L-section RC-filter; (c) three L-sec- 
tion LC-filter; (d) pi-section LC-filter 


little from the direct component at the filter output, because 
Vo. in/Vo. out — I, (Ry + R,)/IpRy = (approx.) R,/R, = { 


More effective smoothing can be achieved with L-section 
filters (Fig. 18-13a) consisting each of a choke, L;, connected 
in series with a shunt arm containing a load resistor, R,, 
and a capacitor, C;. Better smoothing is achieved- because 
the choke eliminates a good proportion of the ripple, so 
that the a.c. component across the shunt arm is greatly 
reduced. The capacitor connected in parallel with the load 
resistor offers a much lower resistance to the alternating 
current component than R,, so this component, that is, 
the ripple is considerably reduced in the load. 

In some cases, the’ L-section LC-filter can be replaced 
by an L-section ARC-filter (Fig. 18-13b). However, the 
smoothing factor of this filter is much lower because the 
ripple is smoothed less due to the absence of a choke, and 
the direct component of the load voltage is decreased by 
the voltage drop across the filter resistor, R,;. In order to 
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reduce this voltage drop, the value of AR, is taken to be 20% 
of R 

On the other hand, the use of a resistor instead of a choke 
reduces the mass, size and cost of a filter. 

Major disadvantages of the RC-filter are voltage and power 
losses in the filter resistor. So they are used in low-power 
rectifiers where these losses can be neglected. 

If the smoothing factor of a single L-section filter is not 
sufficient, use is made of filters consisting of two or three 
L-sections (Fig. 18-13c). The resultant smoothing factor is 
the product of the smoothing factors of all filter sections 


S==2555.5,, (18-27) 


Apart from L-section filters, vacuum-tube and semicon- 
ductor rectifiers use pi- (II- or x-) section filters (these fil- 
ters are not used in gas-filled rectifiers). 

A pi-section filter (Fig. 18-13d) is a combination of a 
capacitor-input filter and an L-section LC-filter. 

The smoothing factor of a pi-section filter exceeds that 
of an L-section filter. It is the product of the smoothing 
factors of the capacitor-input filter (S,) and the L-section 
filter (S,) 

S = SoiSzp (18-28) 


18-7. Thyristor Rectifiers 


Widely used rectifier systems (such as used for electric 
traction or d.c. electric power drives) should not only con- 
vert a single- or three-phase current into a direct current, 
but also ensure a continuous regulation of the average recti- 
fied voltage and current. 

Until recently, use for this purpose was mainly made of 
control-grid mercury-pool rectifiers. At present, they have 
been superseded by controlled semiconductor rectifiers which 
are smaller, more efficient and have a better performance in 
comparison. They make it possible to regulate output vol- 
tage over a wide range at low power in control circuits. 

In Sec. 18-2, we have examined the design (Fig. 18-4) 
and operation of a full-wave rectifier with a centre-tapped 
transformer. Figure 18-14 shows the circuit of a similar rec- 
tifier in which the diodes are replaced by thyristors. 
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Fig. 18-14. (a2) Circuit diagram of a full-wave rectifier based on thyris- 
tors; (b) waveforms for V’, V”, J and load current; (c) waveforms for 
trigger pulses 


In the circuit built around diodes, the current i, is flow- 
ing through the first rectifier during the positive half- 
cycles of the voltage v’ impressed by the first half of the 
transformer secondary. The current i, is flowing in the 
second rectifier also during the positive half-cycles of the 
voltage v" supplied by the second half of the secondary, 
which is shifted in phase by a half-cycle relative to the vol- 
tage v’. Thus, two positive half-waves of current are flowing 
through the load during each cycle of the alternating voltage. 

In the circuit based on thyristors, a rectifier is turned on 
just as a control (or trigger) pulse is applied. 

If the trigger pulses are applied at the beginning of a 
cycle (the firing angle a = 0), the current will flow in the 
circuit in much the same manner as in the diode circuit. 
If trigger pulses generated by an automatic control unit 
jag behind the beginning of a cycle by a > 0, the conduction 
of a thyristor will be delayed for the corresponding part of 
the cycle, ¢; = a,/w, and the duration of current flow during 
each half-cycle will be reduced by the same part of the cycle 
(Fig. 18-14b). Thus, as a@ is increased, the time (7/2 — a,/) 
during which the current is flowing through the rectifiers 
(the conduction angle) decreases, and the average load cur- 
rent and voltage decrease, too, because v; = i,R,. 

Figure 18-15a gives the circuit of a simple controlled 
three-phase rectifier built around thyristors. It differs from 
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Fig. 18-15. (a) Circuit diag- 
ram of a simple three-phase 
thyristor rectifier; (b) load 
voltage waveform; (c) load 
current waveform at a = 0; 
(d) load current waveform 
at a > 0; (e) load current 
waveform at a” >a’ 
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the previous circuit (see Fig. 18-6) in that it uses thyristors 
instead of diodes. At the respective instants of a cycle, an 
automatic control unit applies trigger pulses to the gates 
of the thyristors. The instant at. which each thyristor is 
triggered, its ON-time during each cycle, and, as a conse- 
quence, the average rectified current and voltage are all 
determined by the firing angle a. The firing angle a is reckon- 
ed from that instant of a cycle when the voltage across the 
phase containing the thyristor being turned on reaches the 
value of the leading phase voltage. In our case, this instant 
is one-twelfth of a cycle from its beginning. 

When a = 0, the current and voltage waveforms for each 
thyristor will, for one-third of a cycle, be the same as they 
are in a rectifier based on diodes (Fig. 18-155 and c). At low 
firing angles a, the current will be flowing continuously 
in the load (Fig. 18-15d). The instant at which the current 
flow is transferred from one thyristor to another is deter- 
mined by the firing angle a. At large firing angles, the flow 
of load current will be intermittent (Fig. 18-15e). 

As the firing angle is increased, the average current in 
and average voltage across the load go down. 


Chapter Audio-Frequency 
Nineteen Amplifiers 


19-1. General 


An amplifier is an electronic device intended to boost 
weak input signals in voltage, current and/or power by 
drawing power from an external supply sources. This process 
can be controlled by a vacuum tube or a transistor. 

Amplifier circuits are many and diverse and may be classi- 
fied in several ways. For example, (1) by the frequency range, 
they can be classed as audio-frequency (a.f.), radio-fre- 
quency (r.f.) or direct-current (d.c.) amplifiers (d.c. ampli- 
fiers operate in the frequency range from zero to several 
hertz); (2) by the number of stages, they can be classed into 
one-stage, two-stage and multi-stage amplifiers; (3) by the 
quantity being amplified, they can be classed into voltage, 
power and current amplifiers. 

In a voltage amplifier, the output signal gains power 
mainly due to voltage amplification. In power and current 
amplifiers, the output signal gains power mainly due to 
current amplification. Power amplifiers are usually the 
output or final stages of multistage amplifiers. 

According to the manne) in which the stages are coupled, 
amplifiers can be classified under three types, namely 
direct-coupled, resistance--apacitance (or KC-) coupled, 
and transformer-coupled. 

Audio-frequency amplifiers are the most widely used in 
industrial electronics. Their main parameters are: gain 
factor, bandwidth, power output or output voltage, and 
efficiency. 

The gain factor (or, simply gain) of a voltage amplifier 
is the ratio of the output to the input voltage 

Kee V oil Vi (19-43 
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The gain of a multistage amplifier is equal to the product 
of the gains of the individual stages 


keyky 22. ky =(Vq/V in) (Vo/Vq) «2. (Vn-t/Vn-2) (Vout/Vn-1) = Ko 
(19-2) 
The gain of a power amplifier is the ratio of the output 
to the input power 
ke= 2 cull ix (19-3) 
In multistage amplifiers, the gain may be 10° and higher. 
The loudness of audio sounds perceived by man varies in 
proportion to the logarithm of the corresponding variation 
in sound energy. That is why the gain is often expressed in 
logarithmic units known as bells (B). A gain of 1 B is a 
power ratio of 10/1, for which the common (or decimal) 


logarithm is unity. So, power variations in bells may be 
written 


S, (B) = logy (Pout! Pin) (19-4) 


More often, use is made of the decibell which is one-tenth 
of a bell; so 


Sy (dB) = 10 logo (Pout/P in) (19-4a) 


The gain (in dB) of a multistage amplifier is the sum of 
the gains of its stages 


S=8,+85,+...+ 8, (19-5) 

Power gain in decibells can be found, if we recall that 
Pe Vyh = iR: 

Sy == 10 logs (Vout/Vin) 

S; = 10 logio Lout!/L in) 

oe = 20 logy9 (Vout/Vin) 

= 20 logio (Lout/Lin) 


(19-6) 


Example 19-1. Given. The input power of a three-stage 
amplifier is P;, = 0.01 W, the output power is P,,; = 
= 100 W. 

To find. The gain in dB. 

Solution. 
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The power gain (as ratio) is 
kp = Pout/Pin = 100/0.01 = 10,000 
The gain (in dB) is 
S, = 10 logyo (Pout/Pin) = 10 logy (100/0.01) = 40 dB 


The bandwidth of an amplifier is the frequency range 
within which variations in the gain do not exceed specified 
limits. For a.f. amplifiers, the bandwidth is from several 
hertz to a few tens of kilohertz. 

The output power of an amplifier is the power which it 
delivers to a load 

Pog Vout 2A yz (19-7) 

The nominal or rated output power of an amplifier is the 
maximum power delivered to a load, at which distortion 
does not exceed specified limits. 

The electrical efficiency of an amplifier is the ratio of its 
output power P,,; to the power P, expended by the plate 
supply source of the amplifier tube 


Net = Pout!Pro (19-8) 


The overall efficiency of an amplifier is the ratio of its 

output power to the total power applied 
You = Pout! Prot (19-9) 

The electrical efficiency of an a.f. power amplifier ranges 
from 40 to 70%. The overall efficiency is considerably lower 
than the electrical efficiency. 

In practical amplifiers, an electrical signal is distorted 
as it passes through. The distortion may be with respect to 
frequency, amplitude (in which case, it is called nonlinear 
distortion), or phase. 

Frequency distortion is the distortion in signal waveform 
which results when frequencies in a complex wave are not 
amplified or attenuated by the same amount. As is seen 
from the frequency response curve of an a.f. amplifier 
(Fig. 19-1), the midband gain (k,,) is constant, but it rolls 
off as the frequency rises to f, (the upper limit frequency) 
and decreases to f; (the lower limit frequency). Frequency 
distortion is stated in terms of the ratio of k,, to the gain at 
i given frequency 

M = ky/k, (19-10) 
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Fig. 19-1. Frequency response 
ao 7, ti, of an amplifier 


This ratio shows how much the gain at a given frequency 
departs from the midband gain. The allowable amount of 
frequency distortion is usually 1.25. 

Amplitude or nonlinear distortion is the distortion in sig- 
nal waveform that occurs when an amplifier puts out fre- 
quencies that are not present in the input signal. This distor- 
tion is due to the nonlinear characteristics of the vacuum 
tubes or transistors in amplifiers or of their loads. 

Nonlinear distortion is characterized by the ratio between 
the square root of the sum of the squared harmonics in the 
load voltage or current of an amplifier to the fundamental 
of its load voltage or current 


v= VV?2-+4V2+V2+... 4+ 02/0; (19-11) 

Depending on the purpose of an amplifier, nonlinear distor- 
tion may vary from 0.05 to 15%. 

Phase distortion is the distortion that occurs when the phase 
of the output signal differs from that of the input signal. 
Phase distortion is due to inductive and capacitive ele- 
ments (L and C) used in an amplifier. 


A. TRANSISTOR AMPLIFIERS 
19-2. Practical Common-Emitter Amplifiers 


Power for the input and output circuits of a transistor can 
besupplied by either two independent sources (see Fig. 16-256) 
or one source (Fig. 19-2). 

For normal operation, a transistor needs a direct voltage 
applied between its emitter and base. It is termed the base 
bias voltage, and it varies from transistor to transistor, the 
most commonly used value being 0.5 V. Using the input 
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(0) 


Fig. 19-2. Base bias supply circuits 


characteristic of a transistor (Fig. 16-27), we can find the 
respective base current, /,,, of the amplifier. In the com- 
mon-emitter circuit (Fig. 19-2a), the bias voltage is taken 
from a resistor, R, connected between the base and the nega- 
tive side of the power source. In the no-signal condition, the 
sum of the voltage drop across the resistor, J, ,R, due to the 
constant base current J,,, and the base-to-emitter voltage 
Voe,a is equal to the source voltage E 


LypaARt+Veea=E (19-12) 
Hence, the necessary resistance is 
R= (f= Voe.a)/Loa 
or, recalling that Vi..4 < £, we finally get 
R= (approx.) E/I,, 
The circuit shown in Fig. 19-2b uses a voltage divider, 


R,R,, to obtain the base bias voltage. The value of the first 
resistor is 


Ry = (EZ —Voe)/(La + Loa) = (approx.) E/(1a + Lpa’ 
and that of the second is 
R, ae Vee, all 
where /, is the current in the voltage divider. 
As is stated in Sec. 16-4, the parameters and operation of 
transistors are markedly affected by temperature variations. 


In particular, an increase in temperature brings about an 
increase in currents, which, in turn, leads to a change in the 


22-0215 
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(a) (5) 


Fig. 19-3. Collector temperature compensators 


operating conditions of transistors. To avoid this, use is 
made of temperature compensation. 

Figure 19-3a shows what has come to be known as the 
collector compensator. In this circuit, the resistor, R, 
supplying the bias voltage (Fig. 19-2a) is placed in the col- 
lector lead. Should a rise in temperature increase the col- 
lector current /., the voltage drop, [.R,, across the load 
resistor AR, will grow, thereby causing V,, and V,, to de- 
crease. Accordingly, the collector current J, and base cur- 
rent will go down practically to the initial value. In this 
way, the rise in J, caused by an increase in temperature is 
compensated for. 

Figure 19-3b gives another, more advanced, form of com- 
pensator known as the emitter compensator. Here, compen- 
sation is effected by a resistor in the emitter lead, R,. The 
voltage drop across this resistor, V. =J/,,R., and the 
voltage, V, = /,R,, due to the flow of the divider current, 
Iz, across the resistor R, are directed in opposition to each 
other, so the base bias voltage is their difference, V,.., = 
= V, — V,. In this way, R, provides negative direct-current 
feedback. Owing to this feedback, the decrease in currents 
caused by an increase in temperature causes V, = /,,R, 
to build up, thereby bringing down the base bias voltage, 
and the currents are forced to decrease. 

The capacitor C, shunting the emitter resistor ?, elimi- 
nates a.c. feedback. The capacitive reactance offered by 
the capacitor at any operating frequency must be consider- 
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ably lower than the resistance of the emitter resistance, 
Lc < R,. 


19-3. The Quiescent (Q) Point. 
Current and Voltage Waveforms 


Let us consider the operation of the loaded common- 
emitter circuit (Fig. 19-4), because this is the most commonly 
used configuration for an amplifier stage. 

The input (or signal) voltage V;, is applied between the 
base and emitter. The power source, £,, which is utilized 
to boost the signal in power is placed in the output circuit. 
The resistor R, in the base circuit sets the base current which 
positions the operating (quiescent or Q) point on the input 
characteristic (Q’ in Fig. 19-56) and on the load line (Q in 
Fig. 19-5a) plotted on the output characteristics of the tran- 
sistor. 

In the no-signal condition (V;, = 0), a quiescent cur- 
rent, J,,4, is flowing in the circuit and gives rise to a direct 
collector current, /,.,, whose value is determined by the 
point where the load line intersects the output characteris- 
tics corresponding to the base current, [,, = 40 pA. 

Figure 19-5a shows a family of output characteristics for 
a transistor and its load line, MN, which represents the 
relationship between the collector current, /., and the col- 
lector-emitter voltage, V.,, with the load resistance, R,, 
held constant. 

In order to construct the load line, it is necessary to know 
the source voltage FE, and the load resistance R,. The load 
line is constructed as the line joining points lying on the 
axes of coordinates. 

From Sec. 16-10, we know that the source voltage £E, 
is split between the collector junction resistance r, and the 
load resistor R;, sok, = V,.~+/,R,. From this output 
circuit equation, it follows that E, = V,, at IT, = 0, be- 
cause 1,.R,;, = 0. Laying off V, = FE, along the x-axis, we 
get one terminal point (/V) of the load line. Assuming V,, = 0 
we obtain F,=J/,R,, whence J, = E,/R,. Laying off 
this value along the y-axis, we get the other terminal point 
(M7) of the load line. The line joining the points M and N 


HOR 
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Fig. 19-4. Circuit diagram of 
acommon-emitter voltage amp- 
lifier 





is the load line. The region between points B and C is called 
the operating region; it corresponds to the maximum possible 
output current /,, output voltage V., and output power 
Pouz:- A projection of the operating region BC on the y-axis 
is the peak-to-peak amplitude of the collector current (27, m), 
and that on the z-axis is the peak-to-peak amplitude of the 
collector-emitter current (2V ¢¢,m). 

Assuming that the input and output quantities are sinu- 
soidal, we locate the quiescent (Q) point in the middle of 
the region BC. As its name implies, the Q point determines 
the quiescent collector current, /,,, and the quiescent col- 
lector-emitter voltage, Vo, 4. 

The input characteristic of a transistor relates the base 
current to the base-emitter voltage, J, = f (Vz), with V., 
held constant. In each particular case, one ought to take 
the input characteristic that corresponds to the selected 
collector-emitter voltage. On the other hand, input charac- 
teristics plotted at various values of V,, > O differ very 
little; also, it is usual for data sheets to give input charac- 
teristics for only one value of this voltage, say, V., = OV. 
So, in approximate calculations, only one input characteris- 
tic taken from a data sheet or handbook is used. 

If we transpose the points Q, B and C from the output to 
the input characteristic, we obtain the respective points Q’, 
B’ and C’ (Fig. 19-5,b). Projections of the regions Q’C’ 
and Q’RB’ into the axes of coordinates give the amplitudes 
of the input voltage, V,,, and input current, /,, respectively. 

The current gain is k, = J,/I,, the voltage gain ky = 
= V,,/V,,-, and the power gain kp = kky. 
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Fig. 19-5. Operation of a transistor in common-emitter amp- 
lifier stage 
(a) output characteristics; (b) input characteristic 
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For proper use of transistors, it is important to know the 
limits of safe operating conditions. These limits bound the 
safe operating area on the transistor characteristics. Fig- 
ure 19-6 shows this area for a transistor connected in a com- 
mon-emitter circuit. It is bounded by the limiting collector 
current I, iim, limiting collector-emitter voltage Vee, tim, 
limiting power P.iim, and base current J, = 0. Besides, 
if nonlinear distortion is to be low, the operating area should 
not extend into nonlinear regions of the characteristics. 

Depending on the initial operating conditions and the 
base current amplitude, the collector current can flow either 
during some part or the entire cycle of input voltage. Accor- 
dingly, a transistor amplifier can operate in four classes 
called Class A, Class B, Class AB, and Class C. 

Class A. The Q point is positioned in the middle of the 
load line BC (Fig. 19-5a). The amplitude of the input cur- 
rent J;,;m Should be less than the transistor quiescent cur- 
rent I go. 

In Class A operation, distortion is »ninimal but the effi- 
ciency does not exceed 40%. This class of operation is uti- 
lized in all voltage amplifier stages and low-power output 
stages. 

Class B. The Q point is positioned in an area where the 
collector current is close to J, (Fig. 19-7), that is, near the 
z-axis. The quiescent output current is nearly zero. The tran- 
sistor conducts during a half-cycle or (in Russian usage) 
with current cut-off which is characterized by the cut-off 
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Fig. 19-7. Class B operation 


angle @ equal to half the conduction angle*. In Class B, 
the cut-off angle is 90° and the conduction angle is 180°. 
In Class B operation, nonlinear distortion is great and the 
efficiency may be up to 70%. This class of operation is 
utilized in the push-pull type of amplifier where current 
flows alternately in either of the transistors. 

Class AB is intermediate between Class A and Class B. 
The Q point is positioned at the bottom of the load line, 
so the output signal is greatly distorted. This class of ope- 
ration is likewise used mainly in push-pull amplifiers. 


19-4, Frequency Response of Amplifiers 


The alpha (emitter-to-collector) current gain of a tran- 
sistor remains practically unvaried over a wide frequency 
range, but the amplifying properties of the transistor de- 
cline with increasing frequency. Figure 19-8 shows the rela- 
tionship between the alpha current gain and frequency. 
The frequency at which the alpha current decreases to 


1//2 = 0.707 of its low-frequency value is called the alpha 


cutoff frequency, fe- 
One of the main reasons for the decrease in alpha gain 


with increasing frequency is that the transit time of mino- 


* In the US and UK literature, only the conduction angle is con- 
sidered.— Translator’s note, 
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Fig. 19-8. Relationship be- 
f tween alpha current gain and 
Foe frequency 





rity carriers through the base is finite. Injected all at the 
same time, they reach the collector junction at different 
times, so the waveform of the output signal is distorted 
and its amplitude decreases. Also, this causes a phase delay 
between the emitter and collector currents. 

The second reason for the decrease in alpha gain is the 
effect of the collector junction capacitance C, which may 
be considered to be connected in parallel with the collector- 
junction resistance, r,. At low frequencies, the capacitive 
reactance of C, is high and its effect may be ignored; at high 
frequencies, the capacitive reactance 1/mC, goes down, and 
its shunting effect brings down the alpha current gain. 


19-5. Multistage Transistor Amplifiers 


When the specified gain cannot be achieved by a single 
amplifier stage, use is made of multistage amplifiers. 

Figure 19-9 shows the circuit of a widely used RC-coupled 
two-stage transistor amplifier. 

The circuits and component functions of the first and 
second amplifier stages were discussed in Sec. 19-2. 

In the first stage, C, is a blocking capacitor intended 
to separate the d.c. component due to the base bias voltage 
(supplied by the power source) from the signal (a.c. compo- 
nent). The Q point in this stage is positioned by resistor R,, 
and stabilized by the network R,,C., which applies negative 
d.c. feedback. R,, is the load resistor in the collector cir- 
cuit. C,, couples the first and second stages. 

The second stage differs from the first in that the Q point 
is positioned by a voltage divider consisting of two resis- 
tors, R, and Rj. Capacitor C prevents the d.c. component 
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Fig. 19-9. RC-coupled two-stage transistor amplifier 


of the collector current from reaching the load at the output 
of the second stage. 

One common-emitter amplifier stage has a voltage and 
current gain of 10 to 20,.and a power gain of 100 to 300. 

As already noted, in addition to RC-coupled amplifiers 
use is also made of transformer-coupled amplifiers such 
as shown in Fig. 19-40. 

The Q point is positioned by a voltage divider consisting 
of resistors R, and AR, in the first stage, and of resistors 
R;, and R,, in the second. Both stages use emitter tempera- 
ture compensation networks C,R, and C.R, (see Sec. 19-2). 

The collector circuit of the first stage contains the primary 
winding of a coupling transformer, 7r,. The secondary wind- 
ing of this transformer is connected via capacitor C,, be- 
tween the base and emitter of the second stage transistor. 

The primary winding of a second transformer, 77r,, is 
connected in a similar manner, and its secondary is connected 
to the load resistor R,; (or it may be connected between 
the base and emitter of a third stage). 

In a common-emitter RC-coupled amplifier, the output 
impedance of the transistor is high (tens of kilohms) and 
the input impedance is low (hundreds of ohms). Accordingly, 
the previous stage delivers low power to the next. On the 
other hand, maximum power transfer requires that the 
output impedance of a previous stage must be equal to 
the input impedance of the next. 
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Fig. 19-10. Transformer-coupled two-stage transistor amplifier 


With transformer coupling, the output impedance of each 
previous stage can conveniently be made equal to the input 
impedance of the next by an appropriate choice of turns 
ratio for the transformer. 

Another advantage of this form of coupling is that ampli- 
fiers can use low-voltage supply sources. This is because 
the voltage drop across the primary winding of the trans- 
former is considerably less than that across the load resistors, 
R, — R.. 

The drawbacks of transformer-coupled amplifiers are: 
high frequency distortion, complicated design (because 
a transformer is more complicated than a resistor), larger 
size and mass, and higher cost. 


19-6. The Final Transistor Amplifier Stage 


An a.f. power amplifier is usually the final stage of an 
amplifier or a radio-receiver. 

It can be loaded into an electromagnetic relay, loud- 
speaker, earphones, electric motor, or any other final control 
element. 

In circuit configuration, the voltage amplifier and the 
power amplifier are similar, but they markedly differ 
in the requirements they should meet in the circuit para- 
meters and elements they use. 

A power amplifier should develop a maximum power 
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Fig. 19-11. Single-ended tran- 
sistor power amplifier 





(current) in a given load, and nonlinear distortion should 
not exceed specified limits. 

Transistor power amplifiers may be of any of two types: 
single-ended (Fig. 19-11) or push-pull (see Sec. 19-10). 

A single-ended amplifier is used when the power output 
must be 3 to 5 W. It operates in Class A and is connected 
in a common-emitter circuit which has a higher gain. In 
the circuit shown in Fig. 19-11, the Q point is positioned 
by resistor voltage divider, R,/R,. The effect of temperature 
variations is taken care of by an emitter compensation net- 
work, R,/C,.. For maximum power transfer to the load, 
the circuit uses a matching transformer. 

It is an easy matter to prove that maximum power trans- 
fer to the load (R,) can be achieved when the output resis- 
tance of the signal source, R,, is matched to the load resis- 
tance, R, = R,. Accordingly, one calls it a matched load. 
As amplifier characteristics are linear only within a limited 
region, #, is often chosen to be 0.1 to 2 times the source 
resistance. In such cases, the load may be connected directly 
in the output (collector) circuit. More often, however, the 
load resistance is low, R; < R,. This is where one needs 
a matching transformer. Here, matching is achieved by 
adjusting the turns ratio of the transformer to suit a parti- 
cular load resistance, so that power transfer to load is 
a maximum, and nonlinear distortion is kept within the speci- 
fied limits. 

If the voltage (turns) ratio of the transformer is V,/V, = 
= w,/w, = k;, the current ratio is J,/I, = w,/w, = 4/k, 
and the load resistance referred to the’ primary side is 


RL=Vq/Ty = Voky/(I2/ky) =(V2/In) A= RB (19-13) 
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Fig. 19-12. Block diagram of a 
feedback amplifier 


When #, is specified in advance, the necessary turns ratio is 


k,=V (0.1 to 2) R,/R, (19-14) 


Example 19-1. Given. Signal source (transistor) resis- 
tance R, = R,. = 3000 ohms, load resistance R,; = 25 ohms. 

To find. The turns ratio for the matching transformer. 

Solution. 

The turns ratio of the transformer is 


kt=V R,/Ri = V 5000/25 = 14 


As already noted in Sec. 19-1 Eq. (19-2), the overall 
gain factor (as ratio) of a multistage amplifier having 
a final stage is equal to the product of the gain factors 
of all amplifier stages. 

The overall gain factor (in dB) of a multistage amplifier 
is the sum of the gain factors of all amplifier stages [see 
Fq. (19-5)]. 


19-7. Feedback Amplifiers 


Feedback in amplifiers refers to the effect that the output 
circuit of an amplifier has on its input circuit. The circuit 
connecting the amplifier output to its input is called the 
feedback circuit. Feedback is positive if it increases the 
overall gain, otherwise, it is negative. 

In feedback amplifiers (Fig. 19-12), the feedback voltage 
Vy» which is a portion of output voltage, Vo,;, is applied 
to the input. 

The ratio 

B=V5o/V out 
is called the feedback factor. 
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The input voltage of a feedback amplifier is the sum of 
the signal voltage and feedback voltage 


Vin = Vs, =a Vito 


Recalling that the gain of an amplifier having no feed- 
back is 


k=Vout/Vin 
and that of a feedback amplifier is 
kjp =VoulVs 
we finally get 
Vin =Vs +V 45 = Vous/kyy + VoutB = Vout (A/kyo + B) 
Hence, the gain factor of a feedback amplifier is 
kgp = k/(1 — Bk) (19-15) 


At Bk = 1, positive feedback is called critical, because 
the gain of the amplifier becomes infinity, ky, = oo, and 
the amplifier jumps into oscillations, that is, begins to gene- 
rate output voltage even in the absence of input voltage. 

Negative feedback improves the stability and perfor- 
mance of the amplifier. [In particular, it reduces nonlinear 
distortion. This is because a fraction of any harmonic appear- 
ing in the output signal of the amplifier and distorting the 
signal is applied over the feedback circuit to the amplifier 
input in antiphase and minimizes signal distortion. 


B. VACUUM-TUBE AMPLIFIERS 
19-8. The Basic Vacuum-Triode A.F. Amplifier Stage 
(a) Amplification 


When a triode is used in an amplifier, its plate circuit 
contains a plate load resistor, R;, so any change in grid 
voltage causes a change in the plate load voltage. 

Figure 19-13a shows the schematic circuit diagram of 
a basic amplifier stage using a vacuum triode. The plate 
circuit contains the plate load resistor, R,;, and a plate 
battery, E,. The grid circuit contains a resistor R,, an 
external source V, of the signals to be amplified, and a grid- 
bias battery £ g. 
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Fig. 19-13. Basic amplifier and its current and voltage waveforms 


(a) circuit diagram; (b) grid voltage waveform; (c) plate current waveform; 
(d) load voltage waveform; (e) plate voltage waveform 


The grid resistor R, connects the grid to the negative 
side of the grid battery E,, so the grid is at a negative poten- 
tial. The signal voltage y, is applied from the source across 
the grid resistor R,. The value of R, should be many times 
the internal resistance of the signal source, R,, (Rg > Rs) 
so as to ensure a low voltage drop across the source. The 
input resistance of the circuit is stable enough when R, 
is about 0.4 to 1 megohm. The grid resistor is sometimes 
called the grid-leak resistor because it provides a d.c. 
path to ground for the electrons accumulating on the grid. 
In the absence of R,, the electrons would accumulate on the 
grid, and their charge would cut off the tube. 

Let us see how the input a.c. voltage or, simply, the sig- 
nal, with instantaneous values v, is amplified. To begin 
with, we turn on the supply voltage E, and adjust the nega- 
tive grid supply voltage E, (Fig. 19-136), so that the grid 
draws no current. In the no-signal condition, a quiescent 
current, Ip (Fig. 19-13c), flows in the plate circuit. The 
value of this current depends on the value of R,, tube charac- 
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teristics, and the values of E, and E,. When the signal, 
VU, = Ug, is applied to the input (Fig. 19-135), the resultant 
grid voltage v, consists of two components, vg and Eg. 
During the positive half-cycles, the resultant negative vol- 
tage reaches its minimum (in absolute terms), Vy, m + 
+ (—E,) = Vg,min; during the negative half-cycles it 
reaches its negative maximum, —V,, » + (—Eg)=—Vgz, max- 

Even small variations in the resultant grid voltage v, 
will cause considerable variations in the plate current, 
so the latter increases when the negative grid voltage goes 
down during the positive half-cycles, and decreases when 
the negative grid voltage builds up during the negative 
half-cycles (Fig. 19-43c). 

Thus, the direct plate current is turned into a pulsating 
one under the action of a small alternating grid voltage, 
Vg, and contains a considerable alternating component. 

The plate current flowing through R, produces a voltage 
drop across it (Fig. 19-13d) 


Va=ipRr=1 »Ri+ipRtr=Vr+vr (19-16) 


The plate voltage, v,, is equal to the difference between 
the #,, the plate supply voltage, and vp, the voltage drop 
across AR, 


Vp = E,—vr=E,—(Va+vur) =(£p—Vr)—vUpR (19-17) 


Waveforms for E,, (E,— Vp) and v, are shown in Fig. 19-13e. 

The a.c. component of the plate voltage (—v,) is the 
output voltage (v,,;) which is the amplified grid (vg) or 
signal (v,) voltage. With no distortion, the output voltage 
waveform is an exact replica of the signal waveform. Thus, 
amplification consists in that a low-power alternating cur- 
rent flowing in the grid circuit produces high-power oscil- 
lations in the plate circuit. 

It is to be noted that the plate current i, and the plate 
load voltage vp vary in phase with the grid voltage vg, 
and the plate voltage v, or, which is the same, the output 
voltage v,,; vary in antiphase with it (Fig. 19-13). Thus, 
an RC-coupled amplifier operating into a resistive load 
inverts the phase of the input voltage (shifts it through x 
or 180°). 
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(b) Characteristics and Parameters of the Amplifier Stage 


For the plate circuit shown in Fig. 19-13a, we may write 
Ep — Vp = [pRy 
whence the plate current is 
[,=(£,—V,)/Ri=(E,/R1t)—(V,/Rr) (19-18) 


Graphically, the relationship between the plate current 
and plate voltage is shown bya plot known as the load line. 

To construct the load line, we need two terminal points 
which are located as follows. From Eq. (19-18) it follows 
that when J, = 0 (the tube is turned off by a negative grid 
voltage), the plate voltage is equal to the plate supply 
voltage, Vp = Ey, because /,R, = 0. Laying off Vp = E>, 

along the z-axis, we locate one ‘terminal point (B in Fig. "19- 14). 

On setting the plate current in Eq. (19-18) equal to zero, 
we obtain J, = £,/R,. Laying off this value along the 
y-axis, we locate the second terminal point (C). Now we 
join the two terminal points B and C and obtain the load 
line. Analytically, it is described as Jp = f (Vp), with Ep 
and R, held constant. 

The curve relating the plate current to the grid voltage 
for a constant plate load, R,, with EL, held constant is 
termed the dynamic transfer characteristic of the stage. Analyt- 
ically, it is described as J, =f (Vg), with Ep and Ry, 
held constant. 

Figure 19-15 shows the dynamic transfer characteristic 
(abed) and grid-plate transfer (or static-transfer) characteris- 
tics of a triode. 

When the grid voltage is equal to the cut-off voltage, 
Ego = Vg, cut-off, the plate current is zero (fp =). Natur- 
ally, the voltage drop across the load is zero, too (J,R; = 
= (0), and the plate voltage is equal to the plate ‘supply 
voltage, Vp = Ep. Point a (Fig. 19-15) is the common origin 
for both the static-transfer and dynamic transfer characteris- 
tics. When the grid voltage increases, a current appears 
in the plate circuit. If there were no plate load resistor, 
R,, the plate current would follow the grid-plate transfer 
characteristic plotted at V, = E,. In the presence of the 
plate load resistor, a voltage drop, /,f,, is developed across 
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ei 
: a=) ~~ soFig. 19-44, Load line 


it and the triode voltage goes down to V; = E, — I,>R_. 
Consequently, for 7, there should be a particular ordinate 
(point b) on the dynamic- and static-transfer characteristics 
plotted at V,. In a similar manner, each time the grid vol- 
tage increases, the plate current and voltage drop across 
the load resistor will increase, as well. As a result, the triode 
plate voltage V, will consecutively go down to V;, = 
= Ey —IpR,, Vp’ = Ep — Ip'Rz, etc. When the plate 
voltage is Vz, the current J; will be represented by point c 
belonging to both the dynamic- and static-transfer characte- 
ristics; at V,’, the current J,” will be represented by point 
d, and so on. 

Thus, when the negative grid voltage decreases, the plate 
voltage decreases, too, and the plate current follows the 
dynamic transfer characteristic abcd having a smaller slope 
than the static-transfer characteristics. The dynamic mutual 


Fig. 19-15. Dynamic 
transfer characteristic 
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Example 19-2. Given. An amplifier (Fig. 19-13) built 
around a triode whose mutual conductance isg,, = 4.4 mA/V 
and amplification » = 76, operating into a plate load of 
R, = 100 kilohms. 

To find. The stage gain. 

Solution. 

According to Eq. (14-7), the a.c. plate resistance of the 
itiode is 

Rp = B/gm = 16/4.4 = 17.3 kilohms 

From Eq. (419-19a), it follows that 

k= pR,(R, + Rp) = 76 X 100/(100 + 17.3) 


= (approx.) 65 


(c) Negative Grid Biasing 


In Sec. 19-8, negative grid bias was supplied by a separate 
source, the bias battery. However, amplifiers utilizing such 
a source have a greater size and mass and are more expen- 
sive. So, more often use is made of what is known as automa- 
tic (or self-) bias (Fig. 19-18) which is developed by the flow 
of the direct component of plate current, [po, through a resis- 
tor, R,, in the cathode lead as a voltage drop, Vz, m = 
= V, = —Ip fx. As a result, the grid potential relative 
to the cathode automatically decreases by V, (hence the 
name “automatic bias’). 

The a.c. component of the plate current has its path 
completed by a bypass capacitor, C,, connected in parallel 
with the cathode resistor, R,. The capacitive reactance of 


Fig. 19-18. Automatic bias 
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C, must be low as compared with A;z, so that the voltage 
drop across R, due to the a.c. component of the plate cur- 
rent would be low, and would not effect the grid bias vol- 
tage. 

Usually, because the grid bias V, is about several volts 
and R, ranges from 50 to 1500 ohms, the capacitance should 
be 

C, = 20/(R,01) (19-21) 
where w, is the lowest frequency of the input signal. 


(d) Classes of Amplifiers 


In accordance with the position of the Q point on the 
grid-plate characteristic, and also depending on the a.c. 
input-voltage amplitude and the grid bias, Vg, an ampli- 
fier may operate in Class A, Class B or Class C. 

Class A (Fig. 19-192). The Q point is in the middle 
of the linear region of the grid-plate characteristic. The 
signal voltage amplitude does not swing beyond the linear 
part of the characteristic and does not enter the positive 
grid voltage area because Vzo > Vs, m. In Class A operation, 
the d.c. component of the plate current, Jp), is rather high 
and the plate current flows constantly. Nonlinear distortion, 
is low, but the amplifier efficiency does not exceed 30%. 
This is because the quiescent current, I), is always higher 
than the peak a.c. component of the plate current, Jp, m, 
which determines the output power P,u;. Class A operation is. 
widely utilized in voltage amplifiers and single-ended power 
amplifiers. 

Class B (Fig. 19-196). The Q point is positioned at the 
cut-off point on the grid-plate characteristic (Vg) = Veuz-o#})- 
The plate’’current flows only for half of each cycle. The 
product of the angular frequency and time ¢’ during which 
the plate current varies from its peak value to zero is called 
the cut-off angle 0*. In Class B operation, the cutoff angle 
is 0 = 90°. In the no-signal state, the tube draws no or very 
small plate current, Ippo. 


* In the US literature, the operation of a vacuum tube is specified 
in terms of the conduction angle (the angle of anode current flow in the 
UK), which is twice the cut-offfangle.— Translator's note. 
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Fig. 19-19. Three classes of amp- 
lifiers 





In Class B operation, distortion is heavy, but the effi- 
ciency is greater than in Class A operation, being 60 to 
70%. Class B operation is confined only to the push-pull 
type of power amplifiers. 

If an amplifier operates so that its grid draws no current, 
the operation is designated Class B,; if its grid draws cur- 
rent, the operation is designated Class Bg. 

Class C (Fig. 19-19c). The Q point lies to the left of the 
grid-plate characteristic, so the grid bias is appreciably 
beyond the cut-off point, Veo > Veui-oz;- In this case, 
the plate’current* flows for a fraction of a half-cycle, and 
the cut-off angle is @ < 90°. In this class, distortion is heavy, 
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but the efficiency up to 80% and higher. Class C operation 
is limited to special oscillators and narrow-band amplifiers. 

In addition to the three main classes of operation, use 
is made of intermediate classes. 


19-9. Multistage Tube Amplifiers 
(a) A Vacuum-Triode Amplifier Stage 


Figure 19-20a shows the circuit of an amplifier stage built 
around a vacuum triode, which is often used as a Class A vol- 
tage amplifier. This circuit differs from the one considered 
above (Fig. 19-132) in that it contains an automatic grid 
bias network, R,C; (see Sec. 19-8c). The grid bias Vg, 
is chosen to be somewhat higher than the signal amplitude, 
V go > Vin, m, 80 that V;,, » would not run beyond the linear 
region of the grid-plate characteristic or enter the area of 
positive grid voltage. Owing to this arrangement, distor- 
tion is low. In addition to the plate load resistor R,, the 
plate voltage is applied to a stage load resistance R,,,. 
The blocking capacitor C, connected in series with R,,,; 
passes only the a.c. load current and blocks the direct 
component, because a capacitor offers an infinitely high 
opposition to direct current. The reactance of the blocking 
capacitor, rc, = 1/2nfC,, at the operating frequencies of 





Fig. 19-20. (a) Single-stage and (b) two-stage amplifier 
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Fig. 19-16. Construction of a stage dynamic transfer characteristic 


conductance gm of a triode is always less than its static 
mutual conductance g,, and depends on the plate load resis- 
tance. It is defined as follows 


8m = &mR,/(Rp+ Rx) 


where FR, is the a.c. (dynamic) plate resistance of the tube. 
. A*dynamic transfer characteristic may be derived from 
a family of static plate characteristics and the load line 
(Fig. 19-16). The points where the load line intersects the 
static characteristics represent the plate current at different 
values of grid voltage. The grid voltages and the respective 
plate currents transferred to another coordinate ‘system 
give the dynamic-transfer characteristic of the stage 
(Fig. 19-162). 

In the no-signal state, the plate current is decided by 
the position of the Q point on the dynamic-transfer charac- 
teristic. In turn, the position of the Q point depends on 
the grid voltage Veo = Eg which is called the grid bias 
voltage or, simply, grid bias. The Q point is positioned in 
accordance with the required operation class of the amplifier 
stage (see Sec. 19-8,d). In particular, if the signal is to be 
amplified without distortion, the bias voltage should not 
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Fig. 19-17. Equivalent circuit 
for a triode used as a voltage 
amplifier 





be less than the signal amplitude, E, > V5, m; also, the 
triode should operate within the linear region of its dynamic- 
transfer characteristic. 

Figure 19-16a shows the grid bias Vg, and the signal 
voltage v, = Vz, m Sin wt (curve abcde). The plate current 
following the signal voltage is given by curve a’b’c'd’e’ 
derived from the grid voltage and dynamic-transfer charac- 
teristic. The current flowing in the plate circuit develops 
a voltage drop voy: = ipR, across the plate load resistor, 
which is the output voltage of the amplifier stage. In 
Fig. 19-16), this voltage is represented by curve a“b"c"d"e" 
derived from the plate current waveform and the load line. 

The amplitude ratio of the output to input signal voltage 
gives the stage gain 

k=Va lV em (19-19) 

To correlate the amplification factor of the triode with 
the stage gain, let us substitute for the amplifier circuit 
given in Fig. 19-13 its equivalent circuit (Fig. 19-17) where 
the triode is replaced by an a.c. voltage generator connected 
in series with the a.c. plate resistance Rp, and peak vol- 
tage WV, m- 

If the generator operates into a plate load resistor ?_, 
Ohm’s law will give the peak current as follows 


Ip, m=BV ss, m/ (Rp + Rr) (19-20) 


and the peak voltage across the load resistor, which is 
equal to the peak output voltage, may be written 
R 
Vout m=1p, mht =e, m Roth, 
Hence, the stage gain is 

k=Vr, m/Vs, m=PRL/(R,+ Rx) (19-19a) 


Since R, < (RR, + Rp), the stage gain is always less 
than the amplification factor of the tube. 


33* 
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the amplifier should be Jow as compared with Roy,, so 
that all of the a.c. component of the plate voltage is applied 
to Rout 

Then, if a sinusoidal signal voltage, v;, = Vin. m sin ot, 
is applied to the stage input, the amplified voltage at the 
stage output or, which is the same, across the stage load 
resistance R,,;, will be voy; = —AkVin, m sin ot = 
= —V.u1, m sin wt. The above expression shows that the 
output voltage is k times the input voltage in amplitude 
and the stage output voltage differs a half-cycle or 180° 
from the input voltage in phase, which is indicated by the 
“minus” sign. 


(b) The RC-Coupled Two-Stage Amplifier 


The gain of the single-stage amplifier considered above 
does not usually exceed a few tens. So whenever a great 
gain is desired, a multistage amplifier or an amplifier stage 
built around a vacuum pentode is used. 

A two-stage vacuum-triode amplifier (Fig. 19-206) is used 
to amplify voltage in the frequency range from several 
hertz to 100 kHz. To reduce distortion, it is usually operated 
in Class A. This amplifier consists of two identical stages 
_.uilar to that discussed above. 

The stages are coupled by blocking (or coupling) capacitor 
C,, and grid resistor R,, (Fig. 19-205). 

Capacitor Cy, prevents the direct current component from 
flowing via resistor R,. connected at the output of the 
first stage. Therefore, the voltage at the grid V,z. of the 
second triode does not depend on the direct (supply) current 
component in the plate circuit of the first tube. However, 
the blocking capacitor should offer a much lower opposition 
to the alternating (signal) components (one-tenth or one- 
twentieth) than R,.. The capacitance of the blocking capa- 
citor usually ranges from thousands to tens of thousands 
of picofarads. It can be derived from the following relation 


1/o,Cys4< 0.05R go (19-22) 
The input signal voltage, v;,, produces a pulsating cur- 


rent in the plate circuit of the first tube. The direct com- 
ponent of this plate current is free to flow through the output 
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plate load resistor R,,, but it cannot flow through the capa- 
citor C,, to the grid resistor Ry. Some of the alternating 
component of the first tube plate current flowing through 
capacitor C,, and grid resistor R,. of the second tube produ- 
ces across the latter a voltage whichis the output voltage of 
the first stage, V,.;, = V;,k,. At the same time, this is 
the input voltage for the second stage, V,,:1= Vine. On 
being amplified by the second tube, it appears at the output 
terminals of the second stage as V,,;4 ¢ = Vingke = hy keV ing. 

RC-coupled amplifiers have found wide application be- 
cause they have low signal distortion, good frequency res- 
ponse, and are simple in design, smal] in size and mass, 
and low in cost. 

Among their main drawbacks are a high voltage drop 
across the plate load resistor due to the d.c. component 
of the plate current, and the need for high supply voltage. 


19-10. Power Amplifiers 


As already noted in Sec. 19-6, an audio-frequency amplifier 
is usually the final stage of an amplifier unit. Everything 
that will be said in the first paragraphs of this section applies 
to both transistor and vacuum-tube amplifiers. 

A simplified circuit of an a.f. amplifier stage built 
around a vacuum triode shown in Fig. 19-21 is self-explana- 
tory. It is stated in Sec. 19-6 that maximum power is deliv- 
ered to the load when the load resistance matches the internal 
resistance of the transistor. This requirement is also true 
of an amplifier stage based on a vacuum triode. So, if the 
load resistance is such that R,; = (0.1 to 2) R,, it may 
be connected directly in the plate circuit. 

If a load is such that R; < Ry, it should be matched by 
means of an output transformer (Fig. 19-22) whose turns 
ratio can be derived from Eq. (19-14) 


ke=V (OM to 2)R,/R, 


Single-ended power amplifiers are used when the required 
power output does not exceed 3 to 5 W. 

A push-pull power amplifier, that is, the one based on 
two tubes (or transistors) to whose control grids (bases) 
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Fig. 19-21. Simplified circuit Fig. 19-22. Power amplifier with 
ofan a.f. power amplifier and an output transformer 


its equivalent circuit 


the input voltage is applied in anti-phase, is used when the 
required power output is over 5 W. The circuits of push- 
pull output stages using vacuum-tubes and transistors are 
shown in Fig. 19-23. Both circuits operate in a similar man- 
ner. 

Each circuit is symmetrical and consists of two equal 
sections, called arms (in Fig. 19-23a and 6, the upper and 
the lower arm), corresponding to the circuits shown in 
Figs. 19-22 and 19-10, respectively. The two similar tubes 
(transistors) take their plate (collector) power from a com- 
mon source (EZ, or FE) via two halves of the primary winding 
of output transformer 7r,. The bias voltage is applied to 
the tube grids (transistor bases) through the second winding 
of input transformer 7r,. The function of the output trans- 
former is the same as in a _ single-ended circuit (Fig. 
19-22). 

Let us consider Class A operation of the tube amplifier 
(see Sec. 19-5). In this case, the grid bias is taken from the 
cathode resistor, R,. In the no-signal state, Viz; = Ving = 
=(, the grids are only at bias potential equal to J,)f,, 
and the quiescent plate currents due to £, and FE, are equal 
(Ipo1 = Ipoz = Ipo) and flow through two halves of the 
primary winding of transformer 7r, in opposite directions, 
so that the resultant mmf due to them is zero. Thus, no 
d.c. bias is applied to transformer 7',. 

The input voltage (Fig. 19-24a) is simultaneously applied 
to the grids of both tubes in anti-phase: 


Vint = Vin, m SiN Ot, Ving = Vin, m Sin (wt + 180°) 





‘Fig. 419-23. Push-pull power amplifiers 
a) vacuum-tube ampli er; (b) transistor amplifier 





liv, 19-24. Push-pull amplifier operating Class A 


(a) waveforms for grid voltage, plate current and mmf F; (b) waveforms for 
Input voltage, plate current and mmf F’ of an amplifier operating Class B 
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The plate currents which are the sums of direct and alter- 
nating components may be written 


ini =l por tins s =TI,01.+ Lp, msin ot 
and 
ine =L por tine, s= I pox +L pe, m Sin (wt + 180°) 
= Io. — IL p2, m= Sin wt 


where iny, 5) Epo, s1 Lp1,m and Ineo, m are the instantaneous 
and peak values of the alternating plate current. 

The total current in the lead connected to the plate 
source E, is 


i= int tine = 2! po 


As is seen, it contains no alternating component. 

The plate currents i,, and ip, flow through the respective 
primary half-windings of the output transformer (whose 
turns ratio is unity) in opposite directions, so, the resultant 
or load current is 


ip =tp1— tpg = 21, msin ot 


Thus, the mmfs due to the alternating plate currents are 
added together in the output transformer, the magnetic 
flux is doubled, and so is the power delivered to the load. 

Since no d.c. biasing is applied to the output transformer 
core, its magnetic flux and the output voltage are sinusoidal. 
In other words, a push-pull amplifier operating in Class A 
introduces insignificant nonlinear distorion. 

A major drawback of Class A push-pull amplifier is low 
efficiency which is about 15 to 40%. 

Push-pull power amplifiers often operate in Class B. 
As is known from Sec. 19-8 (d), in this case the plate current 
flows through the triode only for half of each cycle when the 
grid is positive; during the other half of a cycle, the tube 
is turned off. In the no-signal state, the plate current is 
practically zero, so the voltage drop across the cathode resis- 
tor due to this current is zero, too. Therefore, a bias voltage 
source, E,, is required for this class of operation. 

In a push-pull amplifier, the input (signal) voltage is 
applied to the grids of both tubes. During one half of each 
cycle, the input voltage is positive at the grid of one tube 
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Fig. 19-25. Transformerless 
push-pull power amplifier built 
N-P-N around semiconductor triodes 





aud negative at the grid of the other. During the next half 
of each cycle, the grids reverse polarity. As a consequence, 
the plate current flows through the tubes in turn. If the 
input (signal) voltage is sinusoidal, the plate currents i, 
and ip, are half-sinewaves (Figs. 19-7 and 19-24). As they 
flow in turn via the two halves of the primary in 7r,, these 
currents establish an mmf which excites a practically sinu- 
soidal magnetic flux, and the output voltage is sinusoidal. 

In Class B operation, the efficiency of the amplifier is 
considerably higher than in Class A, being 60 to 70%. 

A major drawback of the push-pull amplifier is that it 
requires two tubes and two centre-tapped transformers. 

As already noted, the transistor push-pull power ampl 
fier (Fig. 19-236) operates in much the same manner ¢. 
that built around vacuum triodes. The transistors are 
usually connected in a common-emitter circuit. The supply 
voltages for the emitter and base are taken from a voltage 
divider, ,/Rg. 

More often transistor push-pull amplifiers operate in 
Class B where a higher efficiency can be achieved, although 
nonlinear distortion in this case is heavier than in Class A 
and increased still more by the asymmetry of the circuit. 

In addition to the push-pull amplifiers considered above, 
use is widely made of transformerless push-pull amplifier 
stages built around P-N-P and N-P-N transistors (Fig. 19-25). 
In the no-signal condition, the transistors are turned off 
because the base and emitter potentials are equal, which 
fact ensures Class B operation. When a signal is applied 
to the input, transistor 7, conducts only for half of each 
cycle of this signal, and transistor 7,, only for the other 
half. Among the advantages of this circuit are simple design 
and the absence of a transformer. The main drawback is that 
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the output impedance of the amplifier cannot be properly 
matched to the load impedance. 


19-11. Transistors as Switches 


Transistors are widely used as statie switches. Quite 
appropriately, they are then said‘ot operate in the switch 
(or pulse) mobe, When a transistor operates as a switch, 
it alternates between conduction and nonconduction, that 
is, the ON and OFF states. For a junction transistor, the 
collector-emitter resistance, r,,, is several ohms in the ON 
state and about one megohm in the OFF state. 

One of the circuits of a common-emitter transistor switch 
is shown in Fig. 19-26. 

The transistor is turned off when the emitter and collector 
junctions are biased in the reverse direction. For this pur- 
pose, a voltage at which the base potential exceeds that 
of the emitter (V,, 20) should be applied to the input oi 
the transistor (Fig. 19-26). The circuit can be driven out 
of this stable OFF state by applying a negative trigger pulse 
to the input. If both P-N junctions of the transistor are 
then biased in the forward direction, the transistor will 
reach saturation; this is the second stable, or ON, state of 
the circuit. 

Figure 19-27 shows the static transfer characteristics of 
the transistor and its load line, BC, which relates the col- 
lector current to the collector-to-emitter voltage [, = 
= f (V.-). The collector current rises with increasing input 
current, J,, and reaches a maximum, J, max, when the 
base current is Jy, 54; = Jy, (with A, and £, held constant); 
this condition corresponds to point B in Fig. 19-27. J,, max 
is called the saturation current, J, 5 = (approx.) E./R., 
because it remains unchanged for any increase in the base 
current. That is why the transistor is said to be saturated. 

As is seen in Fig. 19-27, at I. sa;, the collector-to-emitter 
voltage, V.., iS zero very nearly. 

It is to be remembered that when a transistor operates 
as a switch, it dissipates a considerable power only during 
the transition from one stable state to the other. Therefore, 
the average power dissipation of the transistor switch is low, 
and the instantaneous values of the emitter and collector 
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Fig. 19-26. Common-emit- 
ter transistor switch 
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Fig. 19-27. Static transfer characteristics of a transistor 
and its load line 


currents, 7, and J,, may be several times the values set 
as limits for amplification. 

lf the input pulse has a duration much longer than the 
time of transients (such as charge build-up and decay in 
the base region), the output pulse will have about the same 
duration and waveform. If, however, its duration is only 
a few microseconds, the waveform of the output pulse may 
be heavily distorted and stretched in time. 


Chapter Electronic Oscillators. 
Twenty Oscilloscopes 


20-1. Sinewave or Harmonic Oscillators 


In a general sense, an oscillator is a device that generates 
an a.c. power at a desired frequency. It may use one or more 
tubes or transistors. 

High frequency power is predominantly generated by 
vacuum-tube oscillators. 

For its operations, a vacuum-tube oscillator may, or 
may not, need external excitation. Accordingly, we may 
have either an externally excited or a self-excited oscillator. 
The former is driven by a voltage from an external source, 
so it is, in effect, a power amplifier. The latter generates 
oscillations which maintain themselves owing to the resonant 
properties of the circuit and positive feedback. 

In turn, self-excited oscillators may be classed into the 
LC type and the RC type, according to the circuit elements 
used in the resonant circuit and the feedback path*. 


{a) &C Oscillators 


As has been shown in Sec. 6-8, the frequency of oscilla- 
tions generated by a vacuum-tube oscillator is determined 
by the parameters of its ZC resonant (or oscillatory) circuit, 
and the tube acts as a regulator which periodically admits 
energy to the oscillatory circuit, whence it is transferred to 
load. 

The circuit of a likely tube oscillator is shown in Fig. 20-1. 


* In fact, very few authors class externally excited oscillators as 
oscillators. Similarly, self-excited oscillators are commonly called 
simply oscillators or feedback oscillators.-- Translator’s note. 
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Fig. 20-1. Tube LC-os-« 
cillator 





When the plate source E, is turned on, the tuned-circuit 
capacitor C charges to Vo,m, after which it discharges 
through the tuned-circuit coil L. This gives rise to oscilla- 


tions at the natural angular frequency w, = 1/Y LC of 
the tuned circuit (see Sec. 6-8). There is a feedback coil L, 
connected to the tube grid, so the grid voltage is determined 
by the emf induced in LZ, at frequency ap. 

For self-excitation of the oscillator and for the oscilla- 
tions to sustain themselves two conditions must be satisfied: 
(1) the voltage applied from the feedback coil to the tube 
grid must be 180° out of phase with the alternating plate 
voltage; that is, feedback must be positive; (2) the feedback 
must be sufficient for the alternating plate current to com- 
pensate for losses in the tuned circuit. When these condi- 
tions are met, a pulsating current, i,, decided by the bias 
voltage F,, arises in the plate circuit (Fig. 19-9a). The direct 
plate current, Jp), is prevented from entering the tuned 
circuit by blocking capacitor C,; instead its path is comple- 
ted through the power source and r.f. choke L,. The alter- 
nating (or r.f.) plate current, Jp, » Sin wt, cannot reach 
the power source, because L, offers a high reactive impedance, 
@,)L,; so its path is completed through the tuned circuit. 
Since this current is in phase with the tuned-circuit voltage, 
power is periodically transferred to the tuned circuit. 

The load circuit consists of a load resistor, R, (Fig. 20-4) 
and a coil ZL, inductively coupled with the tuned-circuit 
coil Z. Thus, the tuned circuit transfers power to the load 
via the magnetic flux which links L, and_L. 

In the circuit of Fig. 20-4, feedback between the tuned 
and grid circuits is accomplished by mutual inductance. 
Instead of mutual inductance, feedback can be accomplished 


34-0215 


530 Part Two. Basic Electronics 





Fig. 20-2. The circuit of (a) a Hartley oscillator and (b) a Colpitts 
oscillator 


by a tapped-coil or a tapped-capacitor arrangement. The 
respective oscillators are known as the Colpitts and the 
Hartley oscillators. Figure 20-2a shows the circuit of a Hartley 
oscillator, and Fig. 20-2b that of a Colpitts oscillator. 

The two conditions of oscillators defined above hold 
for these oscillators as well. The voltage fed back to the 
grid at the proper amplitude and in the proper phase is 
taken from coil ZL” in the Hartley circuit, and from capa- 
citor C” in the Colpitts circuit. 

All other circuit components serve the same purpose as 
they do in Fig. 20-1. 


(b) RC Oscillators 


Vacuum-tube LC oscillators are mainly used at frequen- 
cies outside the audio range, that is, above 20 kHz. In 
the audio range, use is more often made of simpler, less 
expensive and more convenient resistance-capacitance (RC) 
oscillators (Fig. 20-3). 

Instead of a tuned circuit, an RC oscillator uses a load 
resistor, R,;, and feedback is accomplished by a multistage 
RC network. 

Consider a simplified voltage vector diagram for an RC 
network made up of three resistors and capacitors (Fig. 20-4). 
For simplicity, the current in each next RC section may be 
neglected in comparison with the current in the previous 
section. Then the plate voltage V, applied to the first sec- 
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Fig. 20-4. Voltage vector 
diagram for three-section 
RC network 





tion, R,C,, will consist of two components, namely the 
capacitor voltage, V¢,, leading the current by 90°, and the 
resistor voltage, Vi, in phase with the current and leading 
V, by an angle q,. By adjusting the values of R, and xq, 
and the frequency, this angle may be made equal to 60°. 

The resistor R, is connected to the second section, R,C,. 
The resistor voltage, Vre2, likewise leads Vai by g, = 60°. 
Similarly, Vr3 leads Vrz by mz = 60°. Thus, at a certain 
frequency, the three-stage RC network discussed above 
produces a 180° phase shift between the output and input 
voltages, Vr3 and V,. 

So, in the circuit of Fig. 20-3, the grid voltage Vz = Vprz 
is in ‘antiphase with the plate voltage, V,, thereby satisfying 
the condition for oscillation. The frequency of oscillations 
is defined by the parameters of the feedback network 


fo = 1/2nV ORC = 1/15.4RC (20-1) 


J4* 
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The frequency can be changed by adjusting the values 
of R’s and C’s in the network. 

It is an easy matter to prove that the voltage across R,, 
when applied to the grid, is 1/29 of the voltage across the 
first section, R,C,, that is, Vz/V, = 1/29. When the ampli- 
fier gain is k = 29, oscillations are sinusoidal; when k > 29, 
they are nonsinusoidal; when k < 29, no oscillations are 
generated. 


20-2. The Sawtooth Voltage Generator 


A sawtooth voltage generator is a relaxation oscillator. 
Relaxation oscillators are devices which generate non-sinu- 
soidal repetitive waveforms. 

A sawtooth voltage is a voltage which rises to its peak 
value at a relatively low rate with time and falls quickly 
(almost instantaneously) back to its initial value, so that 
its waveform resembles the teeth of a saw. Figure 20-5 
represents an ideal and a real sawtooth waveform. 

A sawtooth voltage can be obtained by causing a capa- 
citor to charge slowly and discharge rapidly. 

The basic sawtooth generator (Fig. 20-6) consists of a 
capacitor C, neon tube connected across the capacitor, and 
a resistor R, connected in series with the shunt arm. 

If we apply the direct anode-supply voltage, V,, to the 
oscillator, the capacitor will charge through resistor A,, 
and its voltage will rise exponentially [see Eq. (18-22)] 
during the first part of a cycle, 7, (Fig. 20-5) 


vo =V, {1 —exp (—2/t,)] 


until it reaches V;, the firing voltage of the neon tube. At 
that instant, the tube resistance suddenly drops and the 
capacitor discharges quickly through the tube, so that its 
voltage decreases exponentially [see Eq. (18-24)]: 


Vc = Ve, mexp (— t/t) 


When the capacitor voltage falls to the extinction voltage, 
V., of the tube, the tube ceases to conduct, the capacitor 
begins to re-charge, and the cycle just described starts all 
over again. 


Ch. 20. Electronic Oscillators. Oscilloscopes 633 


v 
t 
Tf 


i 
i 

Y (a) 
|p 








7 
(5) 

Fig. 20-5. (a) Ideal and (6) real Fig. 20-6. Sawtooth voltage gee 

sawtooth voltage waveforms nerator using a neon tube 


The rate at which the capacitor charges and discharges 
is characterized in terms of the time constant t = RC. 
By adjusting the time constant, we can control the period 
(or duration) of the sawtooth voltage cycle. This can be done 
by adjusting either the resistance or the capacitance, or 
both. 

This type of oscillator is used relatively seldom, because 
it has a number of disadvantages. In particular, the firing 
and extinction voltages of the neon tube are unstable, and 
the difference between the firing and extinction voltages 
AV = V; — V,. is insufficient. 

A better sawtooth generator can be built, if we replace 
the neon tube by a thyratron or a vacuum-tube circuit. 

The circuit of a sawtooth generator based on a thyratron 
is given in Fig. 20-7. 

A typical thyratron has a low extinction voltage (about 
15 V) and its firing voltage can be controlled by grid bias, 
so the amplitude of the resultant sawtooth voltage can be 
raised appreciably. A particular duration range for the saw- 
tooth voltage is selected with switched capacitors C,, C,, Cs, 
etc., and within each range it can be adjusted continuously 
by variable resistor R,. The operation of the thyratron can 
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Fig. 20-7. Sawtooth voltage generator based on 
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conveniently be synchronized with any voltage _ source, 
owing to a transformer in the grid circuit. 


20-3. Multivibrators 


A multivibrator is a relaxation oscillator generating square 
or rectangular voltage pulses by using the charging and 
discharging of capacitors. A multivibrator may be regarded 
as a two-stage amplifier (Fig. 20-8a) with positive feedback 
such that the output (plate) voltage of the first stage is 
applied to the input (grid) of the second stage, and the output 
voltage of the second stage is applied to the input of the 
first. Owing to this feedback, the tube of the first stage and 
that of the second stage are instantaneously rendered con- 
ducting and nonconducting in turn and in a rapid succession. 

If a multivibrator uses identical tubes, 7, and 7,, ident- 
ical grid resistors, R,, and R,,, identical plate resistors, 
Rp, and Ryo, and identical capacitors, C, and C,, it is 
called a symmetrical multivibrator (Fig. 20-8a). 

Since both stages of the multivibrator are identical, the 
tubes, 7, and 7., will draw identical currents immediately 
after power is turned on, as one should expect. However, 
this state of the circuit is unstable. 

Assume that the plate current i,, of the first tube has 
increased for some reason. This will give rise to a voltage 
drop across fp;, and, as a consequence, the plate voltage, 
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Vp;, Of this tube will go down. This decrease in the plate 
voltage will entail a decrease in the voltage across the series 
Ry.C, network. However, the voltage across a capacitor 
cannot change instantaneously, so the voltage decrease is 
transferred to Ro, causing the grid potential of 7, to go 
down, its plate current i,, to fall, and its plate voltage v,, 
to rise. This voltage rise is transferred to the R,,C, network, 
so the voltage across resistor R,, and at the grid of 7, 
builds up. The rise in v,, leads to a still greater increase in 
the plate currents of 7,. The process is complete when 7, 
is conducting heavily and 7, is driven beyond cut-off— 
the multivibrator is said to have changed its state; this 
change of state proceeds cumulatively and occurs in a frac- 
Lion of a microsecond. In Fig.'20-8b, the multivibrator changes 
state at time ?,. 

As soon as Tf, is driven beyond cut-off, the capacitor C, 
charged to the plate supply voltage, £,, will discharge with 
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a high time constant, t,;,, through 7’, (its a.c. plate resistan- 
ce, Rp), and resistor R,.. As the capacitor discharges, the 
voltage drop across R,, due to the discharge current goes 
down, so the negative. voltage at the grid of 7. decreases. 
When this voltage rises just above cut-off, 7, will be ren- 
dered conducting, and a current, ipo, will begin flow- 
ing. 

Just as C, begins discharging, that is, just as 7, is turned 
off and its plate voltage begins rising, C, will start to recharge. 
The charge current i,, will flow from +, through Ryo, C, 
and the shunt arm consisting of R,, and the grid-to-cathode 
space of tube 7, to —E,. The charge current develops a vol- 
tage drop across R ,,, so ‘that the grid voltage of 7’, increases, 
the current ip, rises still further, and the plate voltage vp, 
goes down. Since the discharge time constant is much longer 
than the charge time constant (taj, > Tex), C, stops charg- 
ing long before 7, is driven to conduction. 

Just as 7’, is rendered conducting, the plate voltage vp, 
decreases, and this decrease is transferred via the Rol, 
network to the grid of 7,; as a result, i,, goes down and ip. 
builds up. This process likewise proceeds cumulatively and 
the circuit jumps to a new state where 7, is driven beyond 
cut-off and 7, is conductingTheavily. In Fig. 20-85, this 
occurs at f,. 

This state is unstable, too, and the circuit will keep 
changing states until the plate source F, is open-circuited. 

Just as the tubes are periodically turned on and off at 
times ¢,, t,, ¢3, . . ., nearly rectangular voltage pulses appear 
at the output of each tube (Fig. 20-85). 

The frequency of the multivibrator can be adjusted by 
varying the resistances of R,, and R,. or the capacitances 
of C, and Cy. 

In addition to vacuum-tube multivibrators, use is made 
of transistor multivibrators. The circuit of a free running 
transistor multivibrator is in Fig. 20-8c. 

This operates on much the same principle as the circuit 
based on vacuum tubes. It consists of two identical stages 
(a symmetrical multivibrator). The output of the first stage 
is connected to the input of the other and vice versa. In 
contrast to the circuit considered above, the multivibrator 
of Fig. 20-8c has its feedback resistors R, and R, returned 
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to the “—” side of the supply (—F,) rather than to chassis 
ground. 

Transistors 7, and 7, are rendered conducting in turn 
because capacitors C, and C, charge also in turn. For example, 
when transistor 7’, is conducting for a given part of a cycle, 
the source —£, charges capacitor C,; and the charge current 
flowing through R,, and the base-emitter junction of the 
conducting transistor 7, develops a voltage, Uv ¢,, across C,. 
At the same time, C, discharges via R, and R,,, and the 
voltage drop across R, caused by this discharge current 
produces a positive potential at point b or, which is the 
same, at the base of 7,, so that 7, is turned off. 

As C, discharges, its discharge current decreases exponen- 
tially, and so do the voltage drop due to this current across 
the resistor and potential at point b. When the potential 
at point b falls nearly to zero, 7, turns on suddenly (in 
a fraction of a microsecond) due to the effect of the feedback 
circuits, and 7, turns off. After 7, has been driven to con- 
duction, C, begins to discharge and C, to charge. Then the 
chain of events is all over again. 

As compared with vacuum-tube multivibrators, transistor 
multivibrators have higher efficiency and require smaller 
supply sources, but their parameters are markedly affected 
by temperature variations. 


20-4. Cathode-Ray Tubes 


The cathode-ray tube is a vacuum tube in which its electron 
beam can be focused to a small cross section on a lumines- 
cent screen and can be varied in position and intensity to 
produce a visible pattern from electric signals. 

By their purpose, cathode-ray tubes may be divided into 
three basic groups: 

—oscilloscopic cathode-ray tubes. They are used in the 
study of fast-varying repetitive and nonrepetitive processes; 

—display or indicator cathode-ray tubes. As their name 
implies, they are used to display signals or serve in indicators; 

—TV receiver cathode-ray tubes (picture tubes or kines- 
copes). 

A cathode-ray tube {or CRT, for short) consjsts essen- 
tially of: 
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Electron gun system 


Fig. 20-9. Construction of a CRT 
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Fig. 20-11. Cathode of a CRT 


(14) an evacuated glass envelope (Fig. 20-9); 

(2) an electrode structure, called the electron gun, which 
produces an electron stream and forms an electron beam; 

(3) a beam-deflection system™intended to position the 
electron beam on the screen; 

(4) a screen which glows when struck by electrons, 
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The beam can be positioned electrostatically or magnet- 
ically. 

Consider the design of an electrostatic CRT (Fig. 20-40). 

The envelope is rather long, funnel-shaped bulb in which 
a high vacuum is produced. In its neck is located the electron 
gun—a combination of an indirectly-heated oxide-coated 
cathode, K (sometimes called the emitter), a control elec- 
trode or grid, G, and anodes, A, and A,, which focus the 
beam. 

The cathode (Fig. 20-11) has a tungsten heater, 7, located 
inside a nickel cylinder, 2, whose flattened end, 3, is given 
an outside coat of oxide, 4, so that electrons are emitted 
in one direction and from one end only. 

The cathode is enclosed in the control grid, G (Fig. 20-10), 
which is a cylinder with a small aperture in the bottom. 
It controls, or modulates, the electron beam emitted by the 
cathode. The control grid is held at a small negative poten- 
tial relative to the cathode. 

Under the action of the electric field between the cathode 
and control grid, the electrons leaving the cathode at, say, 
point a in the direction aa’ (Fig. 20-12a) change their path 
and move in the direction bc, that is, towards the axis of 
the beam. If the control grid is made more negative, some 
of the electrons will be deflected more and miss the aperture. 
Thus, by varying the control grid potential, we can control 
the number of electrons in the beam and the brightness of 
the spot on the screen. 

On leaving the control grid, the electrons tend to spread 
or move away from the beam axis. This tendency is counter- 
acted by the anodes A, and A, (Fig. 20-426). The first (or 
focus) anode is a cylinder enclosing two or three aperture 
discs; the second (or accelerating) anode is also a cylinder 
enclosing one or no aperture disc. The first anode is held 
at a positive potential of 0.2 to 0.5 kV, and the second at 
a positive potential of 1 to 2 kV relative to the cathode. 
The electrons entering the electric field between these anodes 
are deflected towards the beam axis (focused) and accelera- 
ted. This is illustrated in Fig. 20-12c which shows an electric 
line of force in the field between the anodes A, and A, 
and the electron trajectory, ABB’A’. In points B and B’, 
where this trajectory intersects the line of force, two forces, 
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Fig. 20-12. (a) Cathode and control grid; (b) focusing of an electron 
beam; (c) trajectory of an electron moving in the field between anodes 
A, and A, 


F and F,, are shown. These forces act on the moving electron 
in directions tangent to the line of force at those points. 
Each force can be resolved into two components, longitud- 
inal (F, and F;) and transverse or radial (fF, and F;). The 
longitudinal components accelerate the electrons along the 
tube axis, and the transverse components deflect the electrons 
towards or away from the tube axis (Ff, and F4, respectively). 
Thus, the field between the anodes acts like a converging 
lens focusing the electron beam at a point on the tube axis 
near or on the screen, S (Fig. 20-12b). As a result, a very 
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smallflight spot will be seen on the screen. The size of the 
spot can be controlled by varying the potentials at the first 
anode. 

In more advanced electron guns used in present-day oscil- 
loscopic CRTs, the control grid is separated from the first 
anode by an accelerating electrode—a metal disc with an 
aperture in the centre—which is held at a very high positive 
potential. Owing to this arrangement, the brightness and 
focus controls no longer interfere with each other, and the 
operating conditions of the tube can be controlled more 
effectively. 

On striking the screen, the electrons give up their energy 
which is partly converted into light and partly imparted to 
the electrons of the screen phosphor, thereby initiating 
secondary emission. The secondary electrons are collected 
by a conductive coating applied to the inside of the tube’s 
neck and funnel-shaped portion and connected to the acce- 
lerating anode. Most often, the material of this conductive 
coating is aquadag, a lubricating compound containing 
graphite. 

As already noted, the deflection system is intended to 
position the electron beam on the screen. It consists of two 
pairs of deflection plates located at right angles to each 
other (Fig. 20-40). 

One pair, Y-Y, deflects the beam vertically, so they are 
called the vertical-deflection (or Y-) plates. The other pair, 
X-X, deflects the beam horizontally, and~they are called 
the horizontal-deflection (or X-) plates. 

The electric field established between each pair causes 
the electron beam to deflect in the respective direction. 
Assume that the beam coincides with the axis of the tube, 
in which case the light spot will appear in the centre of the 
screen. When a potential difference, V, is produced across 
any pair of plates (Fig. 20-13), the electric field established 
between them causes the beam to deflect, and the spot 
will take up a different position on the screen. The distance 
between this position and the tube axis is 


h = 0.5 (V/V,) (i/b) (L + 1/2) = (approx.) 0.5(V/V,) (I/b) L 


where V, is the anode potential. 
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The displacement of the electron beam on the screen 
per volt of deflection potential is called the deflection sensi- 
tivity of a CRT: 


Sy =h/V =0.5 Li/Vqb 


For most CRTs, it ranges between 0.2 and 0.6 mm/V. 

The ability of some materials to emit light when struck 
by electrons is called cathodoluminescence, and the materials 
are called phosphors. The phosphors of CRTs intended for 
visual observation are made from either artificially prepared 
zinc Silicate (Zn,SiO,) or the naturally occurring mineral wil- 
lemite, activated with manganese. They give off yellow-green 
fluorescence. CRTs for oscillography use calcium tungstate 
(CaWO,) which produces a glow of blue colour. 

An important parameter of a phosphor is its persistence 
(or decay) characteristic defined as the time interval between 
the instant when the electron beam is turned off and the 
instant when the intensity of fluorescence has fallen to one 
per cent of its initial brightness. 

Long-persistence CRTs use two-layer phosphors. The layer 
next to the glass is a long-persistence photoluminescent 
material (for example, zinc sulphite), and the topping 
layer is a cathodoluminescent material. 

The CRT screen is round and occupies all of the front-end 
surface of the funnel-shaped part of the tube. The light pat- 
tern on the screen is viewed on from the side opposite to 
that excited by electrons. Therefore, the thickness of the 
phosphor should exceed the penetration depth of the beam, 
but, at the same time, it should be small enough, so that 
the layer next to the glass absorbs light as little as pos- 
sible. 
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A CRT oscilloscope (or a CRT oscillograph) is an electronic 
instrument intended to display (or to record) an electrical 
quantity (voltage, current, etc.) as a function of time. 

As its name implies, the main part of an oscilloscope 
is an electrostatic cathode-ray tube. 

The voltage, v, whose waveform is to be viewed (or record- 
ed), is applied to the Y-plates of the CRT, and to the 
X-plates is applied a sweep voltage, v,, usually having 
a sawtooth waveform, adjusted to have a period equal to, 
or a multiple of, that of the unknown voltage, or signal 
(Fig. 20-14a, and Jb). 

Initially (at ¢,), the sweep voltage is zero. Gradually, 
it rises with time so that it reaches its peak value, V., m, 
at the end of a cycle of the signal. In doing so, it forces the 
electron beam to move across the screen from point a, 
to point a; at a constant speed (Fig. 20-14). 

If, at the same time, it is acted upon by the electric field 
established between the Y-plates by the signal voltage, the 
beam will be deflected vertically for a distance proportional 
to the instantaneous value of the signal. Owing to the joint 
action of the sweep and signal voltages, the beam traces 
out a waveform which relates variations in the signal to 
time (Fig. 20-14c). - 

On reaching its peak at ¢,, the sweep voltage instantaneous- 
ly falls down to zero and, as a consequence, the electron 
beam flies back from point a, to point a, in a straight line. 
Then, the sweep voltage again rises with time, and the 
electron beam re-traces its path during the second and 
all subsequent cycles. 

The persistence of the phosphor enables the CRT to 
display a stationary pattern representing the unknown 
quantity, provided that the period of the sawtooth voltage 
is adjusted to a multiple of that of the signal. For example, 
if the ratio of the two voltages is n, the CRT will display 
n cycles of the signal waveform. 

In practice, the sweep voltage differs from the ideal saw- 
tooth waveform considered above. In particular, the re-trace 
(or fly-back) part of the sawtooth wave is sloping rather 
than vertical, because the sweep voltage falls from its peak 
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Fig. 20-14. Waveforms for the unknown voltage v and sweep voltage v, 


to zero during a small part of a cycle rather than instanta- 
neously. Accordingly, the respective part of the signal wave- 
form is missed. The retrace of the beam from point as; to 
point a, is faster than the forward motion (or scan). Besides, 
the beam is blanked during retrace, so that it cannot be 
seen on the screen. The sawtooth voltage is supplied by a saw- 
tooth voltage generator such as discussed in Sec. 20-2. 

The deflection sensitivity of both plate pairs is low, 
so the signal and the sawtooth voltage are amplified before 
they are applied to the deflection plates. CRT oscilloscopes 
have two amplifier channels, one for the Y-plates and the 
other for the X-plates. As a rule, these are multistage vacuum- 
tube amplifiers. 

A block-diagram of an electrostatic CRT oscilloscope 
is shown in Fig. 20-10. 

The electrodes of the electron gun are energized by a recti- 
fier with E, = 1 to 2 kV via a voltage divider, r,/r,. Power 
for the deflection plates is taken from a rectifier supplying 
E, = 0.2 to 0.3 kV. The light spot is initially set on the 
screen by adjusting the potentials at the deflection 
plates. 

The signal and the sweep voltage are applied to the 
deflection plates via coupling capacitors. If two repetitive 
events are to be watched at a time, use is made of a dual- 
beam oscilloscope or a dual-trace oscilloscope. In a dual- 
beamoscilloscope, the two signals are displayed at the 
same time. In a dual-trace oscilloscope, an electronic com- 
mutator applies two signals to a.single channel in. turn; 
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Fig. 20-15. Block diagram of a CRT oscilloscope 


yet, with a long-persistence tube both waveforms can be 
arranged to be seen simultaneously. 

CRT oscilloscopes are used not only to display voltage 
waveforms, but also to measure voltage, current, frequency, 
power factor, time intervals, and other electrical quantities. 
Besides, they are used as null indicators; in conjunction 
with transducers, they can be used to measure nonelectrical 
quantities. 

If we apply the waveform to be viewed to only one pair 
of deflection plates of an oscilloscope, the screen will pre- 
sent a straight line whose length is proportional to the peak- 
to-peak amplitude of the signal. By measuring the length 
of this line, we can determine the voltage amplitude, pro- 
vided that the voltage constant of the oscilloscope in this 
mode of operation is known. 

Current is measured by applying the voltage developed 
by the unknown current across a standard resistor to one 
pair of deflection plates. Having determined the voltage 
amplitude as already explained, and knowing the value 
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Fig, 20-16. Magnetically focused ‘CRT 


of the standard resistor, we can easily find the current ampli- 
tude by Ohm’s law. 

A magnetically focused, magnetically deflected CRT 
(Fig. 20-16) has a cathode, A, a control grid, G, and an 
anode, A,, that have the same design and serve the same 
purpose as those in an electrostatic CRT. 

The electrons are accelerated along the axis by the field 
due to a second (accelerating) anode, A., which is a layer 
of graphite on the inside of the neck and funnel-shaped part 
of the tube. The beam is focused by the magnetic field 
due to the direct current flowing in a focusing coil (or focus- 
er), FC. Because the field inside the coil is nonuniform, 
the electrons are deflected towards the tube axis and con- 
verged (or focused) to some point on the screen as a light 
spot. The spot size can be controlled by adjusting the current 
in the focuser. 

Magnetic deflection of the beam is effected by a deflection 
yoke made up of two pairs of deflecting coils, each pair 
placed at right angles to the other. The deflecting coils, 
DC, and DC,, may or may not have ferromagnetic cores. 
The sweep voltage is supplied by a sawtooth generator. 


20-6. Coding System of Soviet-Made CRTs 


The first element of the CRT designation is the number 
indicating the screen diameter (or diagonal) in centimetres. 

The second element consists of two letters indicating 
the design of the tube (Russian letters throughout): 

JIO stand for an electrostatic CRT; 

JIM stand for a magnetic CRT. 
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The third element is the number which indicates the 
type of the tube. 

The fourth element is the letter indicating the type of 
phosphor: 

P, blue-violet fluorescence and phosphorescence, medium 
persistence; 

VM, yellow-green fluorescence and phosphorescence, me- 
dium persistence; 

¥, light-green fluorescence and phosphorescence, short 
persistence; 

A, blue fluorescence and phosphorescence, short persistence; 

M, blue fluorescence and phosphorescence, short persis- 
tence; 

B, blue fluorescence, yellow phosphorescence, long per- 
sistence; 

K, pink fluorescence, orange phosphorescence, long per- 
sistence; 

C, orange fluorescence and phosphorescence, long per- 
sistence; 

JI, blue fluorescence, green phosphorescence, long per- 
sistence. 

For example, the designation “13JIO5A” reads as follows: 
“electrostatic CRT, type five, 13-cm screen diameter, blue 
colour, short persistence”. 
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21-1. General 


A relay is an automatic device which operates when an 
input or actuating quantity, z, reaches a predetermined 
value, so that an output or controlled quantity is caused 
to change in magnitude abruptly. Referring to the characte- 
ristics of a relay (Fig. 21-1), so long as the input quantity, 
x, changes from zero to zz, the output quantity, y = y,, 
remains unchanged. Just as the input quantity reaches the 
value z = z,, known as the operate (or operating) value, 
the relay causes the output quantity to change in value 
from y, to y,. Any further change in z will not affect y. 

So long as the input quantity decreases to z,, the output 
quantity remains the same, y,. Just as the input quantity 
reaches the value z,, known as the reset (or resetting) value, 
the relay causes the output quantity to go down abruptly 
to the value y, which is maintained until z becomes zero. 

In accordance with the input or actuating quantity used, 
relays can be classed into current relays, voltage relays, 
timing relays, etc. 

Figure 21-1 represents the characteristic of a relay in which 
the input quantity is current, x = J, and the output quan- 
tity is voltage, y = V. 

The ratio between the reset (resetting) and operate (operat- 
ing) values of the actuating quantity is called the reset 
(resetting) ratio of a relay. This factor 


k, = L/L == I,/T 
ranges from 0.3 to 0.95. 
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Fig, 21-1. Characteristic 
of a relay 





Another classification of relays is into movable-contact 
and static types. Movable-contact relays are less reliable 
because the contacts tend to fail and wear out rapidly. 
Static relays are more accurate, more sensitive, faster in 
operation, more reliable, and last longer in service because 
they have no moving parts. Owing to this, static relays are 
finding an ever increasing field of application. 

Movable-contact relays are mainly electromechanical re- 
lays (Sec. 11-13) which are designed to interpret input condi- 
tions in a prescribed manner and, after specified conditions 
are met, to respond to contact operation in associated electric 
output (controlled) circuits. This group also includes elec- 
tronic movable-contact relays which are combinations of 
electromechanical relays and vacuum-tube or transistor 
amplifiers. 

Examples of static relays are vacuum-tube or transistor 
switching devices. Very often, they are built as trigger or 
flip-flop circuits. 

Relays are characterized by: (1) the operate time ¢,, defined 
as the time interval from the instant when an input quantity 
is applied to a relay to the instant when the relay operates 
upon the controlled circuit. For electronic static relays, 
this time is about 10-® s; (2) the actuating power, Py¢, 
defined as the electrical power that must be applied to 
input circuit for a relay to operate positively. For electronic 
relays, it ranges from 10-® to 10-!° W; (8) sensitivity or 
just-operate value, defined as the minimum value of the 
input quantity (usually current) at which the relay oper- 
ates; (4) reliability or failure-free operation. 


ae 
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21-2. The D.C. Vacuum-Tube Movable-Contact Relay 


Figure 21-2 shows the circuit of a vacuum-tube movable- 
contact relay. The first (left-hand) triode is driven by a vol- 
tage applied between its grid and cathode; it is the sum of 
three components: input voltage V,,, negative grid bias 
V, taken from the right-hand section of resistor R,, and 
controlled feed-back voltage taken from resistor R.. 

When the input voltage is positive, V;, > 0 (a positive 
pulse), the negative voltage, V,,, at the grid of the first 
triode goes down, the plate current increases, and the plate 
voltage, Vp,;, decreases. The voltage applied between the 
grid and cathode of the second (right-hand) triode is 


V go = Vos a I,Re 


If the plate voltage, V,,, is low, the plate current, Ipo, 
will be smaller than the operate current of relay Rel and, 
consequently the relay contacts will be open. 

A decrease in the input voltage V;, leads to a rise in 
the negative grid bias of the first triode and, therefore, to 
a decrease in its plate current. This causes the plate voltage 
Vp1, and grid voltage, V,., to increase. As a result, the 
second triode is rendered conducting, its plate current Ip. 
reaches the operate current value, and the relay contacts 


Fig. 21-2. D.c. vacuum- 
tube movable-contact re- 


lay 
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make. At a certain value of V;,, the first triode ceases con- 
ducting, and a stable state sets in with the second triode 
turned on. When the input voltage reaches the value Vj,, 
the first triode is driven to conduction and the circuit 
is reset. Thus, when the input voltage rises or goes down, the 
circuit is transferred from one stable state to the other. In 
one of these states, the actuator circuit (AC, Fig. 24-2) 
is closed, in the other one, it is opened. 


21-3. The A.C. Vacuum-Tube Movable-Contact Relay 


When an alternating voltage, V;,, is applied to terminals 
1, 1’ of the circuit shown in Fig. 21-3, the crystal diode 
(rectifier), D, and the capacitor, C, produce a direct voltage 
across terminals 2, 2’. 

At a low filament voltage, the anode current of a tungsten- 
cathode vacuum diode, 7,, depends little on the anode 
voltage V,, but it rises greatly with increasing filament 
voltage. 

The double triode, 7,, operates as a d.c. amplifier. R, is 
the load resistor of the left-hand triode. The grid voltage 
of the right-hand triode, which controls the release voltage 
of the relay, Rel, can be adjusted by a potentiometer, R,, 
and the operate voltage by a rheostat, R,. 

An increase in the input voltage brings about a rise in 
the diode filament voltage and, as a consequence, an increase 
in the current flowing through diode 7,. On the other hand, 
the anode current, J,, does not depend on variations in the 
anode voltage, V, (the diode is saturated). So, the voltage 
drop, J,R, across resistor R, builds up, and the anode voltage 
of 7, goes down. This brings about an increase in the nega- 
tive grid bias of the left-hand triode which is equal to the 
difference between the voltage drop across resistor R, and 
the anode voltage of diode 7,. With time, the plate current 
of the left-hand triode and voltage drop across resistor R, 
decrease. The negative grid bias of the right-hand triode 
equal to the difference between the voltage drop across 
resistor R, and the voltage across the lower part of poten- 
tiometer R,, goes down, too. Accordingly, the plate current 
of the right-hand triode builds up to a value at which the 
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Fig. 21-3. A.c. vacuum- 
tube movable-contact re- 


lay 





electromagnetic relay operates and its actuator circuit is 
completed. 

When the input voltage, V,,, decreases, the anode cur- 
rent of the diode goes down, too, the diode anode voltage 
rises and the negative grid bias of the left-hand triode decreas- 
es. The plate current of the triode rises and causes the vol- 
tage drop across resistor R; to increase. The negative grid 
bias of the right-hand triode builds up, too, but the plate 
current decreases and causes the actuator circuit of relay 
Rel to open. 


21-4. The D.C. RC-Network Timing Relay 


In automatic circuits, use is widely made of electronic 
devices known as timing relays which introduce a definite 
time delay between the instant when the control circuit 
is opened or closed and the instant when the actuator (of 
final-control) circuit is completed. 

The main time-determining element of a timing relay 
is an RC network. As stated in Sec. 18-5, the parameters 
of this network determine the rate at which capacitor C 
discharges aperiodically through resistor R connected be- 
tween the cathode and grid of a vacuum tube. The circuit of 
a timing relay is shown in Fig. 21-4. The plate circuit of 
triode T, which contains the coil of an electromagnetic 
relay, Rel, is energized by the plate source, E,. Contacts K 
are normally closed, and the negative voltage, V, which 
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Fig. 24-4. Vacuum-tube timing relay 


drives the tube to cut-off is applied between its grid and 
cathode. The same voltage is impressed upon capacitor C 
and resistor R. When contacts K open (the relay just begins 
to operate), capacitor C starts discharging through resistor R. 
The capacitor voltage, vg, and the grid voltage of the tube 
decrease exponentially (Sec. 18-5), and the plate current 
of the tube rises in proportion. When the grid voltage reaches 
the value vc, at which the tube current is equal to the operate 
current of the relay, the relay contacts in the actuator cir- 
cuit make. 

As it follows from Eq. (18-24), the voltage across the 
capacitor during discharge at an arbitrary time ?¢ is 


Ve = Ve exp (—t/t) = Ve exp (—#/RC) 
and, at the time ¢, when the relay operates, 
Vor =Ve exp (—#,/t) 
whence, the time ¢, between application of power to the 
relay and operation of the relay is 
t,= RC log. Vc/ve; 
The operate time ¢, of the relay is adjusted by varying 


the time constant t = RC of the RC network, which is 
done by selecting an appropriate value for resistor R. 


21-5. The A.C. RC-Network Timing Relay 


Figure 21-5 shows the circuit of an a.c. timing relay. 
When contacts K are closed and a negative half-wave of 
the plate supply voltage induced into the secondary winding 
of transformer 7r is applied to the relay, capacitor C, 
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Fig. 24-5. A.c. RC-network timing relay 


charges. The discharge of the capacitor through resistor R, 
produces a negative bias voltage which cuts off tube 7. 
For the negative voltage at the tube grid to remain constant 
during the negative half-cycles of supply voltage, capaci- 
tor C, should have a sufficiently large capacitance, and 
the circuit time constant, t= A,C,, should be high as com- 
pared with the cycle of the alternating voltage. Then, the 
tube will be positively driven to cut-off, because the bias 
voltage will approximately be equal to the amplitude of 
the secondary voltage V,, of the transformer. 

Opening the contacts, K, disconnects the grid circuit from 
the secondary winding AB and connects it to the tube cath- 
ode via resistor R,. Capacitor C, now discharges through 
resistor R,, and the negative bias decreases exponentially. 
As a result, the tube turns on at a certain moment and its 
plate current rises to a value at which the relay operates. 
Naturally, the plate current can flow only during the posi- 
tive half-cycles of plate voltage. To reduce the ripple current, 
the relay coil is shunted by capacitor C,. The capacitor 
charges until the plate current reaches its maximum value 
and discharges through the relay coil when there is no plate 
current, thereby reducing the ripple in the coil. Relays 
which do not require d.c. power sources are simple in design 
and convenient in service. 


21-6. The Transistor Timing Relay 


Figure 21-6 shows the circuit of a basic transistor timing 
relay. When contacts K are closed, power source EF charges 
capacitor C. When contacts K open (the relay starts to ope- 
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Fig. 241-6. Transistor timing relay 


rate), the capacitor begins to discharge, the negative voltage 
at the base of the first transistor decreases, and the negative 
voltage at its collector builds up. Accordingly, the voltage 
at its collector builds up. Accordingly, the voltage at the 
base of the second transistor goes down, and in time ¢ after 
the relay is energized, the emitter current reaches the value 
at which the electromagnetic relay, Rel, operates. 


21-7. The Timing Relay Using 
a Glow-Discharge Thyratron 


Figure 21-7 shows the circuit of a timing relay built 
around a glow-discharge thyratron. When contacts K are 
closed, a glow discharge occurs between the control electrode 
(grid) and cathode of the thyratron whose current is limited 


Rel —“~e 
AC 





Fig. 21-7. Timing relay built around a glow-discharge thyratron 
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by resistor R,. At the same time, capacitor C charges through 
resistor R,. In accordance with Eq. (18-22), the voltage 
across the capacitor rises to the firing (or trigger) voltage 
of the thyratron, when a glow discharge strikes between 
the anode and cathode, and the capacitor begins to discharge 
via resistor As, the thyratron and the coil of relay Rel. 
The relay operates and closes its contacts in the actuator 
circuit. After the capacitor has discharged, the thyratron 
extinguishes. 

Glow-discharge thyratrons make it possible to use less 
sensitive electromagnetic relays. 


21-8. Photorelays 


A photorelay is an automatic unit using a photo-electric 
device. 

Figure 21-8a shows the circuit of a basic d.c. photorelay 
using a photoresistor, PR. The circuit contains a d.c. power 
source, £, and an electromagnetic relay connected in series 
with the photoresistor. The sensitivity and current of 
photoresistors are considerably greater than those of vacuum 
and gas-filled phototubes, so in many cases photorelays 
based on photoresistors do not use amplifiers, and their 
circuits are therefore extremely simple. When the photo- 
resistor is not illuminated, its resistance is high, being 
about 1 megohm, and the current in the circuit is low. 
When illuminated, the photoresistor presents a low resistance 
and the current rises to a value at which the relay operates 
and completes the actuator circuit, AC. 

The circuit shown in Fig. 21-8) is intended for operation 
from an a.c. power source. It differs from the previous 
circuit in that it has a crystal rectifier, D, connected in 
series with a shunt arm consisting of an electromagnetic 
relay, Rel, and a capacitor, C. 

When a.c. power is applied and light strikes the photo- 
resistor, one half-wave of current flows through its circuit 
during each positive half-cycle of voltage. During the 
negative half-cycles, no current flows through the photo- 
resistor, but the relay coil remains energized because capa- 
citor C charged during the positive half-cycle will now 
discharge through the coil. 
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(b) Fig. 21-8. Photorelay using a pho- 
toresistor 





Fig. 21-9, Photorelays using vacuum-tube amplifiers 
(a) front-effect relay; (6) photorelay operating on alternating current 


Should the sensitivity of a photorelay based on a photo- 
resistor prove insufficient, it will usually be ganged up 
with an electron amplifier. 

According to the manner in which a photocell is connected 
in a relay circuit, one can obtain either a front-effect relay 
which operates when light strikes the photocell or a back- 
effect relay responding to darkness. 

Figure 21-9a shows the circuit of a front-effect relay. 

When no light strikes the photocell, Ph, its photocurrent 
Ipn is equal to zero and the tube, 7, is turned off because 
a high negative grid bias, V,, is applied from the grid bias 
source, £,, to the tube grid. When light strikes the photo- 
cell, it develops a photocurrent J,, which brings about 
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a_spositive voltage, /,,A,, across resistor ft,z. This voltage 
reduces the negative grid voltage, and the tube is rendered 
conducting. Its plate current keeps rising until the illumi- 
nance reaches a certain value; at that instant the relay, 
Rel, operates and makes its contacts in the actuator circuit. 
When no light reaches the photocell, the relay contacts 
open. 

If we interchange the photocell, Ph, and resistor, R,, 
in the circuit of Fig. 21-9a, we shall obtain a back-effect 
relay. In this case, the relay contacts are closed in the 
absence of light because [,, is zero and the negative grid 
bias circuit is opened. When the photocell is illuminated, 
the negative grid bias circuit is completed, the tube is 
driven to cut-off, the current in the relay becomes zero, 
and the actuator circuit is broken. 

Figure 21-96 shows the circuit of a photorelay operating 
on alternating current. Current flows through tube 7 only 
during the half-cycles when the plate of the tube is positive. 
The initial value of grid bias determined by the wiper 
setting of potentiometer AR, is negative and the total value 
is also controlled by the illuminance of the photocell. 
If enough light strikes the photocell, tube 7 is conducting 
during the positive half-cycles of applied voltage, the coil 
of the electromagnetic relay is energized and, if the coil 
current reaches the operate value, the relay contacts in 
the actuator circuit will make. During the negative half- 
cycles, the plate current is zero, and the current in the 
relay coil is maintained by the discharge current of capa- 
citor C which was charged earlier. 

Photorelays have found wide application in industrial 
electronics because they can be used to monitor and measure 
many quantities, such as illuminance, temperature and 
size of workpieces, transparency of materials, surface 
finish, number of workpieces on a production line, etc. 


21-9. The Flip-Flop Circuit 


A flip-flop circuit is a circuit having two stable states. 
Flip-flop circuits are often used as static electronic relays. 


A flip-flop circuit built around vacuum tubes is shown 
in Fig. 241-10a. 
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Fig. 21-10. (2) Vacuum-tube flip-flop circuit; (b) its timing diagram 


This is a positive feedback flip-flop circuit in which the 
plate of the first tube, 7, is connected via a voltage divider, 
R,/R 2, to the grid of the second tube, 7,, and the plate 
of tube 7, is connected via a similar divider, R./R,, 
to the grid of tube 7,. Positive input pulses v;, are applied 
through diodes D, and D, to the grids of tubes 7, and 74. 
For the most part, flip-flop circuits are made symmetrical, 
that is, Rp; = Ryo, Rgy = Rgo, and tubes 7, and 7, are 
identical. 

Owing to positive feedback, the state in which both tubes 
are conducting is unstable. The slightest asymmetry results 
in a transient which causes one tube to remain conducting 
and the other to be turned off. To prove, let the plate cur- 
rent, Ip,. of the first tube, 7,, exceed somewhat the plate 
current, [p., of the second tube, 7,. This will bring down 
the plate voltage V,, of the first tube and, as a consequence, 
the grid voltage of the second tube, because the plate of the 
first is connected to the grid of the second. With time, the 
fall in the grid voltage of tube 7, leads to a decrease in Jp, 
and, therefore, to an increase in Vj. This rise in voltage 
is applied to the grid of 7,, and causes the plate current, 
Ip1, to build up still more. The transient process is completed 
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when tube 7’, is driven beyond cut-off and tube 7, is con- 
ductingxheavily. This state of the flip-flop circuit is stable, 
because it is maintained by the negative grid bias voltage 
supplied by the grid battery, Ego, or an automatic bias 
RC-network. 

Owing to positive, feedback, the transients are complete 
in a fraction of a microsecond. 

The flip-flop circuit remains stable until an external 
pulse causes itjto change, state. When a ‘positive input pul- 
Se, Vin, is applied! to; the ‘grid’ of cut-off,tube 7’, (Fig. 21-100), 
the latter starts conducting, its plate voltage goes down 
and is applied to the grid of conducting tube 7,, thereby 
causing its plate current, i,,, to diminish. The fall in the 
current ip, of tube 7, forees its plate voltage and the grid 
voltage of tube 7, to grow. The rise in the grid voltage 
of tube 7, results in an increase in the plate current ig, 
and, therefore, in a fall in the plate voltage of tube 7,. 
This goes on until tube 7, is driven to cut-off and tube 7, 
turns on. This stable state of the flip-flop lasts until the 
next input trigger pulse is applied. 

The flip-flop can be driven from one state to the other 
by negative pulses which should be applied to the grid 
of a conducting tube. In this case, the anodes of diodes 
D, and D, must be connected to the grid of the tube. 

Capacitors C, and C, (Fig. 21-10a) connected in parallel 
(dotted lines) with resistors R, and A, are intended to 
increase the speed at which the flip-flop is driven from one 
state to the other, and also to store its previous state when 
trigger pulses are applied to both of its grids. 

Flip-flops often use double triodes (for example, Soviet- 
made 6H2II, 6H15II or 6H8C triodes). 

In addition to vacuum tubes, flip-flops can be built 
‘around transistors as shown in Fig. 21-141. In both circuitry 
and principle of operation, transistor flip-flops are similar 
to those using vacuum tubes. 

If transistor 7, is turned off, a high negative potential 
is applied from its collector through voltage divider R,/Rpy, 
to the base of 7.,, so that, with suitably chosen values of A, 
and Ry, the base of 7’, is a negative potential, transistor I’, 
is conducting, and its collector voltage is close to zero. 
This means that the upper point of the divider (R,/Rp;) 
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Fig. 214-41.Circuit of a 
transistor flip-flop 





is at about zero potential and the lower point is at a posi- 
tive potential equal to E,. Therefore, the base of 7, is 
positive relative to the emitter, and 7, is turned off. 

To transfer the triodes to the other state in which 7, 
is on and 7, is off, one should apply a positive pulse to the 
base of 7. This causes the currents in the circuits to change 
in an avalanche manner so that transistor 7’, ceases conduct- 
ing and remains in the off state until another trigger pulse 
is applied. 

The major virtues of transistor flip-flops are as follows: 
they are small in size, light in weight and low in cost, draw 
little power, and are reliable in operation. Their main 
drawbacks are: low output voltage amplitude, V..;, max = 
= 0.8 to 0.9 E, (EZ, = 10 to 15 V) and dependence on 
ambient temperature. 

Flip-flops are widely used in automatic control, compu- 
ters, and other equipment. 
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Chapter Fundamentals 
Twenty of Computers 


Two 


22-1. General 


The progress made by modern science and engineering 
has spurred the replacement of obsolete (mechanical, elect- 
romechanical and electric) computers by novel high-effi- 
ciency electronic computers. Apart from pure computational 
work, they control space craft and satellites, run nuclear 
reactors, are widely used in industrial automatic control 
and management systems, in defence, etc. In this chapter, 
we shall only discuss digital electronic computers which 
deal with mathematical variables in the form of numbers 
representing discrete values of physical quantities. 

These computers can conventionally be divided into 
three classes: 

1. General purpose computers designed to handle a wide 
variety of mathematical problems. For example, the ES- 
EVM and the BESM-6 solve complex scientific problems; 
the Ural-14 and the Ural-16 handle statistical work; and 
the NAIRI and the MIR which are small computers, deal 
with engineering problems. 

2. Control computers, such as the Dnepr-1, the Dnepr-2 
and the ASVT M-6000, designed to control production 
processes and run large-scale enterprises. 

3. Special-purpose computers used for a narrow range 
of tasks. They are small in size and have limited poten- 
tialities. 


22-2. Structure of a Digital Computer 


If it is necessary to solve repetitive problems of the same 
type, for example, to extract the square root, we can work 
out a detailed and precise sequence of elementary opera- 
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Fig. 22-1. Block diagram of an electronic digital computer 
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tions, by means of which any person could do the job in 
a routine manner, without comprehending the essence of the 
matter. Such a set of instructions, or program, is called 
the algorithm. 

The word algorithm is derived from the Arabic “al-K howa- 
razmi’, the man of Khiva, the surname of a ninth-century 
Uzbek mathematician who set forth the rules for working 
out such programs. | 

At the present-day level of electronic engineering, these 
elementary operations can accurately be perfomed by 
a digital computer at a speed unattainable for a human 
being, provided that it is supplied with a necessary prog- 
ram. A block diagram of such a digital computer is shown 
in Fig. 22-1. 

The control unit (CU) of the computer sequentially inter- 
prets instructions specified by a program to direct arithme- 
tic and logical operations. It is connected to an input unit 
(INPUT) and an output unit (OUTPUT). By means of these 
units the computer communicates with the outer world. 
They are not made integral with the computer (or processor), 
and are often called “peripherals” 

The input unit feeds initial data into the computer by 
means of punched cards and tape, and the output unit 
presents final data as printed characters, curves, pattern 
on CRTs screens, or as holes in punched cards or tape. 
Thus, the input and output units convert data. As they 
use mechanical parts, their operating speed is low, being 
600 punched cards per minute on the average, and 2000 cards 
per minute as a maximum. Inside the computer, the data 
exist as electrical signals, so the operating speed of the 
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computer is high, being over a million operations per 
second. 

The control unit is connected to a mernory or storage unit 
(SU) intended to store unitial data, programs, intermediate 
and final results, etc. In fact, there are two storage units, 
namely an external storage which has a large capacity but 
is slow in reading data “in” and “out’’, and an internal 
storage which only holds data used currently and not inten- 
ded for long-time storage. 

The arithmetic unit (AU) of the computer is intended 
to perform arithmetic and logical operations on numbers 
supplied by the storage. 

As is seen, the control unit, storage and arithmetic unit 
are the major components of a computer, which organize 
the entire process of automatic computation. 


22-3. Interaction of the Computer Units 


The operation of a computer starts when a program is 
loaded by its input unit into its internal memory. The 
program presents instructions which specify all operations 
the computer is to perform, such as fetch number from 
such-and-such location, operate on the number, place the 
result in such-and-such location, stop the operation. All 
these instructions are handled in the form of coded electri- 
cal signals. 

Every instruction consists of two parts: the operation 
part which specifies what should be done, and the address 
part defining the numbers of which the mathematical ope- 
ration should be carried out. The operation to be performed 
is indicated by an operation code, for example, 01 may 
stand for addition, 02 for subtraction, 03 for multiplica- 
tion, 04 for division, and so on. The second part of the 
instruction gives not the numbers themselves, but the 
locations from which they should be fetched. In the storage 
unit, each number is loaded into and retrieved from a sepa- 
rate storage location, or cell, which is asigned an address. 
For example, the instruction 01 0025 0030 0175 orders 
to add the number from cell 0025 to the number from cell 
0030 and place the result into cell 0175 of the storage unit. 
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After the program has been loaded into the internal memory, 
the computation is carried out automatically. 

As already noted, a computer is controlled by voltage 
or current pulses which are amplified, given a square wave- 
form, and which, in certain combinations, may represent 
numbers. These pulses are formed in the control unit, and 
they are used to read numbers and instructions into and 
out of the storage unit. The number specified by the address 
part of an instruction is transferred from the storage to the 
arithmetic unit which carries out the arithmetic operation 
specified by the operation code. The result is transferred 
back to the storage unit at the address specified in the 
instruction. After an operation has been performed, the 
control unit receives a message from the arithmetic unit 
to that effect and passes on to the next instruction of the 
program. 


22-4. The Binary Number System 


In everyday calculations we generally use the decimal 
positional number system. Here, the symbols 0, 4, 2, 3, 4, 
5, 6, 7, 8 and 9, called digits, represent zero and the first 
nine whole numbers, or integers. The number 10 which 
is the radix (or base) of the system is designated by two 
digits, 1 and 0. The value (or weight) of each digit in this 
sequence depends on its position or place in the number. 
For example, in the decimal number 345.2, the fractional 
part is 2 x 10-!, and the integer part consists of five unities 
(5 x 10°), four tens (4 x 101) and three hundreds (3 X 107). 
The entire number can be written as follows 


345.2 =3 x 10?+ 4 x 10'+ 5 x 10° + 2 x 1071 


To represent this number, the counter of any system 
should have ten stable states. However, it would take too 
much time and effort to build and use such a counter. So, 
instead of the usual decimal notation, electronic digital 
computers mostly use the binary number system, that is, 
a system with the base 2. This system requires counters 
with only two stable states, known as scale-of-two or binary 
counters because this system uses only two digits, 0 and 1. 
‘To write the decimal 2 in binary notation, we place a 0 in 
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Digit 
position 


third 
second 
a rst 


oie a 100 101 = 


Decimal 0 1 2 J 4 5 6 
system 


Fig. 22-2. Binary numbers counted on an abacus 


the least-significant position and a 1 in the next higher 
position. So, a 1 in any higher position is equal to two 
unities in the next lower position. 

This can easily be illustrated with the help of an abacus 
having only two balls on each wire (Fig. 22-2). In the “a” 
position, the counter reads zero in both the decimal and 
binary systems. In the “b” position, it reads 1 in both 
systems. In the “c” position, the decimal number is 2 and 
the binary one is 10 (which should be read as one-zero). 
For the decimal 3, the binary equivalent is 11 (one-one), 
and so on. For example, the binary number 1011.1 corres- 
ponds to a decimal number which has one half (1 x 2-1) 
in the fractional part, and one 4 (1 X 2°), one 2 (1 x 2%), 
no 4’s (0 X 27) and one 8 (4 X 23) in the integer part. 
That is, 1014.1, = 1 x 2?+ 0 x 2?+1x 2!4+1 & 294+ 
+41x27=84+0+42+14 0.5 = 11.5,5; here the sub- 
scripts 2 and 10 denote base 2 and 10, respectively. 

Thus, in a binary computer, the counter should have for 
each bit (binary digit) a device operating as a bistable 
circuit, that is, one with two stable states, ON — OFF. 
This function is usually performed by flip-flops (see Sec. 21-9). 

The flip-flop can be set to these states by ON/OFF control 
(clock) pulses, by the presence or absence of voltage, by 
a magnetized or a demagnetized area on magnetic tape, etc. 
For example, the binary number 10111 can be transmitted 
by the voltage pulses shown in Fig. 22-3. 

The main drawback of the binary system is that the 
counter needs a great number of digit positions as compared 
with the decimal system, but this is made up for by the 
simplicity of the computer design. In addition to the binary 
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ce cot a la Fig. 22-3. Binary number encoded by 
a train of pulses 


representation, electronic digital computers use the octal 
and hexadecimal number systems, the former for program 
writing and the latter for readout, because an octal or 
a hexadecimal number is much shorter than the respective 
binary number. These systems will be discussed in greater 
detail later. 


22-5. Arithmetic Operations on Binary Numbers 


An important merit of the binary system is that the 
arithmetic operations on binary numbers are performed as 
with decimals. For this purpose, we can use the tables 
given below. 


(a) Addition 


Example 22-1. Add together two numbers. Their decimal 
representation is on the left and the binary representation 
on the right 


1 14 —carry 
20 11001 — augend 


+ i 
19 10011 — addend 


ae 101100 —sum 


In the decimal numbers system, the addition of 5 and 9 
in the units position gives 14. The “4” is left in that posi- 
tion and the “4” (which actually is “one ten’) is moved 
to the tens position and added to the number of tens already 
present: 2+ 1+1=4. 

A similar procedure applies to the binary system. On 
adding two unities in the first position, we leave a 0 in that 
position and move a 1 (which actually is “two unities’) 
to the next more significant, or second, position. On adding 
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two 1’s in the second position, we again leave a 0 in that 
position and move a 1 (which now is “four unities’) to the 
third position and so on. 


(b) Subtraction 


Example 22-2 


95 11001 — minuend 
—49 10044 —subtrachend 


06  00440— difference 


In the decimal system, we have to borrow 1 from the tens 
order, and the difference is equal to six. In the binary system , 
we can, if necessary, borrow unity from the next higher 
position. The unity borrowed from the second position is 
obviously equal to two unities in the first, that borrowed 
from the third position is equal to four unities in the first 
position, etc. In our example, the difference in the first 
position is zero. In the second position, we subtract its 
unity from that borrowed in the third position and equal 
to two unities in the second position; this leaves a differ- 
ence of 1. Similarly, the difference in the third position is 1; 
in the 4th and 5th positions it is zero. 

In computers, subtraction is usually replaced by addition, 
in which the subtrachend is written in its complement form. 
This means that all its unities are replaced by zeroes, and 
all its zeroes by unities. This is illustrated by Example 22-3. 


Example 22-3. 





25 11004 

+ 94 T 04100 
(1) 06 100101 
——>1 

110 


In the decimal representation, this is done as follows: 
the minuend 25 is added to the complement of the subtra- 
chend, that is, the number which complements it to 100 
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(100 — 19 = 81), and the unity in the most significant 
(hundreds) order in the sum is discarded. As in conventional 
subtraction, the difference is six. 

In hinary notation, 11001 is added to 10041 written 
in the complement form, that is, as 01100. Then, the unity 
in the most significant position is transferred to the least 
significant position and added to the bit it contains. The 
result is the same as in the case of subtraction. This is 
automatically carried out by the arithmetic unit of a com- 
puter. 


(¢c} Multiplication 


In this case, use is made of the addition table. 


Example 22-4. Multiply 4 (decimal) by 5 (decimal), or, 
in the binary system, 100 by 101: 


100 
101 


100 
100 


10100 


x 


As is seen, if a bit of the multiplier is 1, the multiplicand 
is shifted as many places as may be necessary, and, if a bit 
of the multiplier is 0, the multiplicand is shifted left one 
place. As is seen, the multiplication of binary numbers is 
accomplished by the combined operations of shifting the 
multiplicand one place and addition, which are carried 
out by the arithmetic unit. 


[d) Division 


Division is done by the repeated subtraction of the divi- 
sor from the dividend and complementation of the remain- 
der from the right. Here, use is made of the multiplication 
and subtraction tables. 
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Example 22-5. 
111000 : 1000 


~ 4000 111 


_ 1400 
1000 


__ 1000 
1000 


0000 





or, in the decimal number system, 56:8 = 7. 


Since multiplication is replaced by repeated addition, 
division by repeated subtraction, and subtraction can be 
replaced by addition, all arithmetic operations in a compu- 
ter reduce to addition. 


22-6. The Operating Principle 
of Some Computer Elements 


A present-day electronic digital computer consists of 
simple logic elements designed on the basis of mathema- 
tical logic (known as Boolean algebra) which was introduced 
by English mathematician George Boole (1815-1864). Some 
of these elements implementing the main logical functions, 
namely NOT, AND and OR gates, are considered below. 


(a) The NOT Gate 


The circuit of the NOT gate is shown in Fig. 22-4. Its 
input, A, accepts a signal from the collector load of a pre- 
vious circuit which is not shown in the figure. The signal 
varies from -—V,), corresponding to a logical 0, to zero, 
corresponding to a logical 1. The output, P, delivers an 
inverted input signal P = A, which should be read as 
follows: P is not A. The transistor operates as a switch, 
that is, i is periodically turned ON and OFF (see Sec. 19-11). 

Let, initially, a logical 0, that is, a negative voltage, 
—V,, be applied to input A. As a result, the necessary 
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Fig. 22-4. Logic NOT gate 


potential difference is established between the base and 
emitter, the transistor is rendered conducting and practical- 
ly all of the collector voltage (—£,) is dropped across re- 
sistor r,; the potential at the input becomes close to 
ZeLO. 

When a logical 1, that is, a zero voltage, is applied to the 
input, the base potential increases, the transistor is turned 
off. The current in the transistor becomes zero and the 
output potential is practically equal to —£,. 


[b) The AND Gate 


Figure 22-5 shows a two-input diode-resistor AND gate. 
This circuit realizes the logical operation P =A /\ B 
which is read as follows: the operation P cannot be per- 
formed unless the operations A and B are carried out simul- 
taneously. The number of inputs in the gate may be more 
than two. The forward diode resistance in this circuit is not 
over 100 to 200 ohms, and the reverse resistance is about 
several megohms. The value of resistor r,,q is several kilohms. 

If, initially, signals —V, (logical 0’s) are applied to both 
inputs A and B, one or both diodes conduct current under 
the action of +E na. All of the voltage is dropped across 
resistor R,,,, and a low potential —V, is passed on to 
output P. If logical 1’s, that is voltages, are simultaneously 
applied to the inputs, both diodes cease conducting, the 
current in the resistor goes down, and a zero potential, 
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= Vo 





Fig. 22-5. Logic AND gate 


that is, a logical 1, appears at the output. When at least 
one input accepts a logical 0, the respective diode will be 
driven to conduction, and the voltage at the output will 
drop to —V, (a logical 0). 

The timing diagram of a three-input AND gate is shown 
in Fig. 22-6. A signal appears at output P only when logi- 
cal 1’s are applied to all inputs simultaneously. So this 
gate realizes the logical function P= AA BAC. 

Figure 22-7 shows a two-input AND gate intended to gate 
or delay a signal, and having no separate power source 
Kana The circuit operates as a switch, because a diode 
has two states, one in which it conducts current (the ON 
state) and the other in which it conducts no current (the 
OFF state). 

If a square positive pulse is applied to the upper point 
of input A, a current will flow through the diode from the 
anode to the cathode and via the control (or clock) input 
circuits (not shown in the figure) to ground. The resistance 
of resistor r is high and that of the diode is negligible, so all 
of the applied voltage is dropped across resistor r. The poten- 
tial at output B does not differ from the ground potential. 


p Fig. 22-6. Pulses in a_ three- 
p=AABAC input AND gate 
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A : 5 P=AAB 
0 No 
=e ~ Vo 
Y 0 Output 
Vp Control: input 


Fig. 22-7. Explaining opera- 
tion of a diode 


Thus, the output delivers a logical zero—no pulse has 
passed through. When positive pulses are simultaneously 
applied to input A and clock input, the current drops 
to zero, the voltage drop across resistor r is also zero, the 
potential at point B becomes equal to the potential at 
point A, so the output delivers a logical 14. 


[c] The OR Gate 


Figure 22-8 shows a diode-resistor OR gate. It implements 
the logical operation P = A \/J B which is read as follows: 
the operation P can be performed when a signal is applied 
to input A, or input B, or to both inputs simultaneously. 

To minimize distortion, the circuit parameters are chosen 
such that R,, > Ra; and |— E,,|>|— Vy]. 

Initially, both diodes are turned off because —V, < —E,,. 
The voltage at the output is —E,,. When a positive signal 
(a logical 1) is applied, for example, to input A, diode D, 
is rendered conducting, the current in resistor r,, rises, 
and the voltage drop across the resistor is practically equal 
to —£,,. Now, the output voltage corresponds to a logi- 
cal 1. When the signals are simultaneously applied to 
inputs A and B, the current in and voltage drop across 





Fig. 22-8. Logic OR gate 
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~y, Fig. 22-9. Pulsesinan OR gate 
Va 


resistor r,, do not change because the forward resistance 
of the diodes is low as compared with r,,. So, the signal 
amplitude at the output remains unchanged. The operation 
of the gate is illustrated in Fig. 22-9. 


(d) The Diode Network with One Control Input 


Figure 22-10 shows a diode network with one control 
input. The pulses from the inputs may pass on to the out- 


Outputs 
Clock input 


Fig. 22-10. Diode network with 
Inputs a common control /clock) input 


puts only when the control input accepts a pulse which 
cuts off the diodes. In the absence of such a pulse, the posi- 
tive input signals cause a current flow through the diodes, 
and, owing to the high voltage drop across the resistors, 
the anode and output potentials fall close to zero. 
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(e] The Shifter 


The circuit of a one-position shifter is shown in Fig. 22-11. 
As already noted, in binary multiplication by a 1 bit system, 
the multiplicand is written into the position of that bit, 
and, in binary multiplication by zero, the same number 
is written shifted one place. This operation is carried out 
by the shifter. 

If a high potential exists only at the digit inputs and 
absent at buses J and JJ, currents flow only through diodes 





Fig. 22-11. Circuit of a one-po- 
Bit inputs sition shifter 


1, 2, 3, and Zand output potentials are very low (no signals). 
When a positive pulse is applied to bus /, diodes Z and 2 
are turned off, and the pulses pass through diodes 6 and & 
onto the middle and right-hand outputs. Diode 7 is cut 
off by the high potential at the left-hand input. If a pulse 
is applied to bus JJ, diodes 3 and 4 cease conducting. The 
pulses pass through diodes 5 and 7 onto the left-hand and 
middle outputs (that is, they are shifted to the left), and 
diode 6 is cut off by a high potential. 


22-7. The Operating Principle of the Binary Counter 


The flip-flop considered in Sec. 21-9 can store one bit 
of a binary number and respond to the presence (1) or ab- 
sence (0) of a digit in the respective position. Thus, as 
many flip-flops must be used as there are bits in the number. 
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Fig. 22-12. Explaining opera- 
tion of a binary counter 


A chain of flip-flops intended to store one binary number 


is called a register. 


A counter consists of series-connected flip-flops and is 
used to count the number of pulses applied to its input. 
Figure 22-12 illustrates the operation of a three-bit counter. 
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Let flip-flops No. 1, No. 2 and No. 3 be in such a state that 
their left-hand (shaded) parts are conducting and the right- 
hand (unshaded) parts are not conducting. This state is 
assumed to be Q, then the number stored by the flip-flops 
will be O00. 

Now, let tis apply a sequence of uniformly spaced pulses 
to the input of flip-flop No. 1. The first pulse drives flip- 
flop No. 1 to the “4” state, as shown by the left-to-right 
arrow in the second line of Fig. 22-12. As a result, the 
counter stores the number O01. The second pulse drives 
flip-flop Nc 1 back to the 0 state. In doing so, the first 
flip-flop additionally transfers an output pulse to flip- 
flop No. 2, which causes it to change state from left to 
right. Now, the counter stores the number 010. When the 
third pulse is applied to the input of flip-flop No. 1, another 
1 is read into the counter, so it stores the number 011. 
The fourth pulse also reads in a 1, but since the first flip- 
flop has changed state from right to left, it transfers an 
output pulse to flip-flop No. 2. The latter has changed 
state from right to left, so it delivers an output pulse in 
turn to flip-flop No. 3. Now the counter stores 100. This 
goes on until the eighth pulse sets the counter back to the 
initial position. As is seen, the three-bit counter can count 
decimal numbers from 0 to 7. 


22-8. The Operating Principle of the Adder 
in the Arithmetic Unit 


Let us add together two binary numbers A = 1110 and 
B = 1101. The addition is performed sequentially bit by 
bit as in the decimal system: 


C=11 

A = 01110 
B= 01101 
S = 11011 


The sum of the least significant bits is 0 + 1— 1. The 
same applies to the next bits: 1 + 0 = 1. The sum of the 
third bits, 1 + 1, is two unities, which is more than a bit 
position can hold. Accordingly, we leave (0 in the third 
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Fig. 22-13. Explaining operation of a full adder 


position and are said to “carry” 1 to the next higher (fourth) 
position. This 1 is written in the C (carry) line above the 
number A. The sum of the fourth bits plus the carry, 1 + 
+1411, is three unities—one unity is written in the S 
(sum) line, and the two remaining unities generate a carry, 
so a 1 is carried to the fifth position where S = C + A + 
+B=14+04+0=1. 

It is obvious that a device for serial addition as perform- 
ed above, called the full adder should have two number 
inputs A and B, a carry input (from a lower-order position) 
C, a sum output S and a carry output (to a higher-order 
position) C. The block diagram of a multibit full adder 
using a memory unit, a single-bit half-adder and a delay 
circuit which stores the carry for one digit time, is shown 
in Fig. 22-13. 

The circuit of the full adder (Fig. 22-14) consists of ele- 
mentary logic gates, namely AND, OR and NOT, con- 
sidered above. For simplicity, all grounding, pulse-forming 
and amplifier circuits are not shown. 

Because all AND gates are connected to the positive 
terminal of the power source F, a current flows through 
their resistois r and the internal resistance of signal sources. 
The negative terminal of the signal sources is grounded. 
The anode potentials of the diodes in these circuits are 
low because a. considerable part of voltage drops across 
resistors r. High potential pulses appear at the anodes only 
when positive voltage pulses high enough to cut off the 
diodes are applied to all cathodes. It is only then that the 
AND gate can pass on the positive pulses. 
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Fig. 22-14. Circuit of a full adder 


A positive pulse can pass through the OR gates if it is 
applied to the anode of at least one diode. The VOTT gate 
is turned off by a negative potential at the transistor base, 
Now, the potential at its collector is high because no current 
flows in resistor r3. This potential cuts off diode D, and 
it is only in this state that positive pulse can pass through 
resistor 7; onto output S. The circuit operates as follows. 
When a positive voltage pulse is applied to the base of the 
transistor in the NOTT circuit, the transistor is rendered 
conducting, the potential at the collector goes down and 
diode D turns on. In this case, when the pulse is applied 
from the OR/ gate, the anode potential of diode D is low 
because the current flows through the NOT gate. The 
potential at output S is also low. 

Now we can discuss the addition of the same two numbers. 
Before the operation, the flip-flops of the sum register S 
in the memory device (Fig. 22-13) are set to zero. The control 
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unit of the computer generates clock pulses which control 
the circuit. During each clock pulse, the bits in the 
same position of the augend and addend, are added 
together. 

During the first clock pulse, the bits in the least signifi- 
cant position, A =O and B = 1, are fetched from the 
memory device. In other words, a positive pulse is applied 
to input B of the adder (Fig. 22-14), and no pulse is applied 
to input A. Now the pulse can pass through the OR/ gate, 
resistor r,;, and OR2 gate onto output S, and drive the 
lowest-order flip-flop of the sum register S in the memory 
device to the “1” state. 

During the second clock pulse, the digits A = 1 and 
B = 0 are fetched. A pulse applied to input A (Fig. 22-14) 
passes through the ORI and OR2 gates onto output S and 
drives the second-bit flip-flop in the memory device to the 
“4” state (Fig. 22-13). 

The third clock pulse causes the digits A = 1 and B = 1 
to be fetched from the memory device, so positive pulses 
are applied to inputs A and # of the adder. Now the ANDI 
gate turns off and applies a positive pulse to the ORS cir- 
cuit. The pulse passes on to delay circuit C and the base 
of the transistor in the NOTZ circuit, and the transistor 
turns on. Diode D is rendered conducting, and pulses A 
and B pass through the ORI gate, diode D and the tran- 
sistor of the NOTI gate. The anode potential of diode D 
becomes low, and no signal is passed through the OR2 
gate on to output S. The third-bit flip-flop in the memory 
device remains in the “Q” state. 

The voltage pulse is delayed in the delay circuit until 
the bits in the fourth position are added together. This is 
not unlike a person who keeps a carry in his mind. The 
structure of the delay circuit will be discussed later. 

During the fourth clock pulse, the augend and addend 
pulses A and B and the carry pulse C from the delay circuit 
cut off the AND2, AND3 and AND4 gates, and these 
apply a second pulse via the ORS gate to the delay circuit 
and the NOTI gate. As already noted, the ORI gate and 
diode D would not pass a pulse on to output S in such a case. 
Since, however, the AND4 gate is turned off by the high 
potentials at inputs A and B and the first pulse C from 
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the delay circuit, its anode potentials go high, and a high 
voltage pulse is passed through the OR2 gate and the output 
to the memory device. As a result, the fourth-bit flip-flop 
is driven to the “4” state. 

During the fifth clock pulse, pulses A and B are absent, 
but the carry pulse from the previous (lower-order) position 
is allowed to pass through the delay circuit and ORI and 
OR2 gates and output S to the fifth-bit stage of the adder, 
and the flip-flop of that stage stores 1. Thus, the sum is 
1110 -+ 1101 = 11011 or, in the decimal system, 14 + 13 = 
= 27: 


22-9. Delay Lines 


Delay lines are memory devices that can store data for 
a very short time (microseconds), after which the data are 
destroyed. These lines can be coaxial cables, waveguides, 
or series-connected LC-filters. Figure 22-15 shows a sketch 
of an acoustic delay circuit. 

Two quartz plates, 3, are inserted with the help of rubber 
rings, 4, in a steel pipe, 7, filled with mercury, 2. A quartz 
plate changes its volume when moved in a varying electric 
field. A voltage pulse passing from one plate to the other 
causes mechanical oscillations in the first quartz plate and 
the mercury filling the pipe. These oscillations are trans- 
mitted at a certain speed to the other quartz plate at the 
output. The output quartz plate converts these mechanical 
oscillations into electrical oscillations. The speed at which 
the mechanical oscillations are transmitted through the 
mercury is incomparably lower than the speed of propaga- 
tion for electrical oscillation, so the electrical pulse is 
transmitted with a delay. The delay time is usually a 
few microseconds. It' can be varied by varying the pipe 
length. 


Fig. 22-15. Construction of an 
aeoustic delay line 
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22-10. Memory Units 


In every-day calculations we generally use our own 
memory. Some information has only to be kept in mind 
for a short time. For example, in the case of addition, 
we have to remember that a unity should be carried to the 
next higher position. Some information, for example, the 
multiplication table, should be kept in memory for a long 
time, though there is no need to memorize the values of 
sines, cosines or logarithms because they can be taken 
from handbooks. 

We have already discussed some of the memory devices 
used in a computer, such as a flip-flop register and delay 
lines. However, a flip-flop memory device for a great num- 
ber of multibit numbers would be too bulky. 

The memory units of a computer are divided into two 
basic groups, namely internal memory (or storage) and external 
memory (or storage). Internal memory communicates directly 
with the arithmetic unit and determines the operating 
speed of a computer. It has a comparatively small capaci- 
ty—tens of thousands of numbers at most—but it can read 
them in and out quickly (in a fraction of a microsecond). 
External memory does not communicate directly with the 
arithmetic unit, rather it does so through the internal 
memory and provides backup storage. It can store as many 
as billions of digits, but reads them in and out in blocks. 
The access time of external storage is long, being up to tens 
of milliseconds. 

Internal memory can be constructed with toroidal cores 
fabricated from a ceramic ferrite material which has a rectang- 
ular hysteresis loop. Figure 22-16a shows a ferrite core 
with two windings; its magnetization curve is given in 
Fig. 22-165. The state of positive induction -+-B, is taken 
as a logical 1; the state of negative induction —B, is taken 
as a logical 0. 

Assume that there is no current flowing in the write 
winding w, and the sense winding w,, as they are called. 
In the circumstances, the remanent induction is characte- 
rized by point, 2, that is, —By, and a binary 0) is said to 
be written in the core. When a positive pulse applied to 
the write winding w, is such that the magnetic. field inten- 


Fig. 22-16. Explaining 
operation of a magnetic 
core as a memory cell 
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Fig. 22-17. Magnetic- 
core memory planc 





Fig. 22-18. Magnetic 
core in a memory plane 
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sity exceeds +H,,,) for an instant, the remanent induction 
after the pulse ceases will be + , and the core will now 
store a binary 1. The next positive pulse will leave the 
remanent induction the same, +8), but a negative pulse 
will magnetize the core in the reverse sense, so a 0 will 
be written in. 

As is seen, the core behaves like a flip-flop, and numbers 
can be written in and read out of a set of cores in less than 
ips. 

If the applied pulse reverses the polarity of the core, 
an emf is induced in the sense winding; if it does not, prac- 
tically no emf appears there. In this way we can sense 
in which state the core was. 

Such ferrite cores are strung on wires to form a magnetic 
core memory plane (also called a core plane or a memory 
plane), each using a hundred thousand cores. A sketch of 
a memory plane is shown in Fig. 22-17. Instead of windings, 
two wires run through each core as shown in Fig. 22-48. 
The horizontal and vertical wires, called the write wires, 
are used to write (read in) data, and the diagonal wire AB, 
called the sense wire, serves to read them out. Each hori- 
zontal row stores one binary number, and as many vertical 
rows are provided as there are bits in the binary numbers 
to be stored. The initial state of all cores is zero. 

Assume that the binary number 1104 should be written 
in the second row (Fig. 22-17). Then half the current needed 
to magnetize a core, that is, a current producing a field 
intensity of +#H,,/2, is applied each to the second horizon- 
tal row and to the second, third and fifth vertical rows. 
These half currents establish a magnetic field intensity H,, 
only where they coincide, that is, in the cores at the inter- 
sections of these wires. The state of magnetization of these 
cores is changed and they store each a 1. The magnetic 
field intensity in the cores of the first and fourth vertical 
rows is H,,/2 and their state of magnetization is not affected. 
As a result, the binary number 1101 is written in. In this 
case, the voltage pulse generated in the diagonal sense wire 
is ignored owing to the arrangement of the external circuits 
of the memory plane. 

The numbers stored in other horizontal rows of the me- 
mory plane remain the same because in writing the number 
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Write/read heads 


Address 





Fig. 22-19. Write and read Fig. 22-20. Magnetic drum 
magnetic head 


1101 the half-currents in the vertical wires could not estab- 
lish in them a magnetic field intensity greater than +4H,,/2. 

To read out a number is to sense in which state, 1 or 0, 
the cores are involved. If no emf is generated in the sense 
wire when a current pulse is applied, the core stores a 1. 
If the pulse generates emf, the core stores a 0. When reading 
out a number, the half-currents developing a magnetic 
field intensity of H,,/2 are applied to the sense wire and 
one of the horizontal rows corresponding to the address 
of the number being read out. In this case, the half-currents 
add together and reverse the polarity of only the cores 
in that row, and voltage pulses are generated in the respec- 
tive vertical wires (representing the bits of the number being 
read out). During readout by reversal of polarity, the 1’s 
stored in the cores are erased. However, it is usually de- 
sirable that the number read out should remain in the memory 
plane. Accordingly, it has a capability to restore a 1 after 
it has been read out. Memory planes can store each 100,000 
binary digits or more and can store them as long as neces- 
sary. 

Electronic digital computers widely use magnetic memo- 
ry devices other than cores, namely magnetic tape, drums, 
discs. They serve as external and buffer memory (buffer 
memory is one between external and internal memory). 
Basically they operate as follows. A moving surface (a tape, 
a drum or a disc) coated with a magnetic material having 
a high remanent induction passes by a head which is essen- 
tially an electromagnet. Current pulses corresponding to the 
bits of the number energize the electromagnet, and this 
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magnetizes a spot on the magnetic surface, thereby producing 
a record of the number. 

As a rule, numbers are written in and read out by the 
same head constructed as shown in Fig. 22-19. The head 
core, J, is made of a ferromagnetic sheet material having 
a low remanent induction and carries two windings, 2 and 3. 
A unity is written in when a pulse is applied to terminal 4, 
and a zero when a pulse is applied to terminal 3. Numbers 
are read out at terminal 4. The air gap, 6, between the 
poles of the core is formed by a brass-foil spacer several 
micrometers thick. 

The number of heads should be equal to that of bits 
in the number being recorded, as is shown in Fig. 22-20 
for a magnetic drum. Here, an aluminium drum is coated 
with a layer of a magnetic material; heads are located 
above its surface along the generating line of the cylinder 
at the points marked by arrows. The drum has 5 to 8 heads 
per centimetre of its generating line. A number is recorded 
also along its line. For example, to record the binary num- 
ber 1011, the pulses shown in Fig. 22-21a should be applied 
to the heads. As a result, magnetized spots (dipoles) appear 
on the drum surface (Fig. 22-21b). During readout, a mag- 
netized spot on the rotating drum passes by the air gap 
of the head and generates emf pulses in the read winding. 
These pulses are shown in Fig. 22-21c. They are amplified 
and converted into square pulses which are transferred 
through the internal memory to the arithmetic unit. 

In recording, as many tracks of bits are formed around 
the circumference of the drum as there are heads. The record- 
ing density is 1 to 3 dipoles per millimetre. The capacity 
of magnetic drums runs up to 1.5-2 million bits. One track 
and one head (Fig. 22-20) read the addresses of recorded 
bits. This head is connected to a bit counter. The drum 
is constantly rotating, so numbers can only be read out 
in turn. The speed of a drum driven by an electric motor 
is nm = 6000 to 12,000 rpm, and the time required to locate 
the necessary bit is a split second. 

Magnetic tape recording is carried out in about the same 
manner. Magnetic tape is made up of an elastic base coated 
with a layer of varnish mixed with a ferromagnetic powder. 
Heads are placed across and tracks run along the tape 
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The readout speed depends on the speed at which the tape 
can be driven. Magnetic tape is used in auxiliary or secon- 
dary low-speed memory devices whose capacity is practi- 
cally unlimited. 


22-11. Input and Output Units 


At first, a program for a computer is compiled by a prog- 
rammer in digital form on paper. The computer cannot 
accept the program as it stands. The data encoded as digits 
in the program should be converted into a form acceptable 
for processing in the computer. Most often, input media 
for digital computers are punched cards made of dense 
elastic paper or punched tape. The holes representing 
information are made in cards and paper tape on devices 
called card punches or tape punches. Cards and tape are 
of a standard size; tape is stored in reels. 

As electronic digital computers use the binary numbers 
system, one could think that a binary 1 may be represented 
by a hole and a binary 0, by no hole. However, programs 
are written in the decimal system, and the instructions 
and numbers (data) loaded into a computer may run into 
several thousands. IHence, it would be necessary to convert 
decimals into binaries and punch holes for a great number 
of multibit binaries, which would be to no purpose. There- 
fore, a punch first converts a decimal number into a binary- 
coded decimal and makes holes (punchings) according 
to this binary-coded decimal (BCD) representation. This 
is done as follows. 

Any decimal digit can be represented by a group of four 
bits known as a fetrad: 0 = 0000, 1 = 0001, 2 = 0010, 
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Fig. 22-22. Decimal number in Fig. 22-23. Input unit of an 
BCD representation electronic computer 


3 = 0011, 4 = 0100, 5 = 0101, 6 = 0110, 7 = 0111, 8 = 
= 1000 and 9 = 1001. 

Then, making a hole for a binary 1 and no hole for a bi- 
nary 0 on a card or tape, we can represent any number. 
Figure 22-22 shows the binary-coded decimal 1354 punched 
on tape. On four tracks or levels, from the right to left, 
the punch makes holes corresponding to the tetrads of the 
decimals 1, 3, 5 and 4. In the left (fifth) track, additional 
holes necessary for the readout are always punched. This 
track is known as a clock track. Thus, the punch has perform- 
ed the first input operation—it has converted the decimal 
number into the binary-coded decimal and made the 
holes. 

Now the punched tape which is a kind of a memory device 
is sent to the input unit of a computer where the holes 
representing numbers are converted into electrical signals. 
A simplified structure of an input unit is shown in Fig. 22-23. 
The tape transport has two reels, 7, and the tape is trans- 
ported from one reel to the other. Light from a lamp, 2, 
passes through a lens, 3, and a hole, 4, in the nontransparent 
tape and strikes a photocell, 5, which generates a low current 
pulse. The pulse flows through an amplifier, 6, and appears 
at the memory unit which registers a binary 7. When there 
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is no hole in the tape, a binary 0 is registered in the memory. 
Each track has a photocell and amplifier of its own. 

However, if we read back the tape in tetrads, we would 
get the number 0001 0011 0101 0100 and not the number 
1354,, in the binary system. So the computer is provided 
with a program according to which it converts the binary- 
coded decimal to the binary number and only after that 
it is registered in the memory. 

To obtain the decimal 13854 we should add_ together 
1 x 108, 3 x 107, 5 x 10' and 4 x 10°. In a like manner, 
the computer receiving the tetrads one after another multi- 
plies them by the position multipliers, adds them together 
and obtains the decimal 1354 in the binary representation: 


0001 x 10103 + 0011 x 10102+ 01014 x 1010! -+ 0100 x 1010° 





1111101000... ee eee 1000 
100101100 .............00. 300 
110010... 2. ee ee, i... 50 

100 2... ee ee 4 
10101001010, 13544, 


Here, 1010, = 104. 

This number is registered in the memory. 

All subsequent operations are carried out by the com- 
puter automatically in response to pulses generated by 
the control unit in accordance with the program. The results 
of computation are read out in the reverse order, that is, 
binary numbers are converted into binary-coded decimals 
and these to decimal numbers, and printed by an electric 
typewriter. 


Chapter Industrial Applications 
Twenty of Electronics. 
Three An Outline 

of Automation 


23-1. Automatic Systems 


Automation in industry is a vital venue in the technical 
progress of economy. It gives a basis for a continuous 
rise in labour productivity and in the quantity and 
quality of output. 

More specifically, automation is the field of science and 
engineering concerned with the design and use of automatic 
devices, mechanisms and machines—in short, all facilities 
that enable industrial processes to be run without direct 
intervention from man. Indeed, automation relieves man 
of arduous work and leaves for him only to set up, start 
and supervise the plant. 

In Soviet usage, the word “automatic control” applies 
when controllers and the controlled plant are separated 
by a short distance. If the spacing is large, it is usual to 
speak of telecontrol. 

A huge variety of automatic devices are used by indust- 
rial automation. We shall only deal with systems using 
electrical and electronic means. For the purpose of our 
discussion, we shall class them all into three broad groups, 
namely, automatic inspection and quality control, auto- 
matic machine control, and automatic process control. 


23-2. Elements of an Automatic System 


The elements, or components, that make up a typical 
automatic system may be classed into: 

— measuring or sensing elements, more generally called 
transducers; 
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— relays and switches; 

— amplifiers; 

— actuators and servo motors, that is, final control 
elements. 

Transducers measure the values of the physical or che- 
mical quantities most representative of the controlled 
process or plant. In a more restricted meaning, the words 
“sensing element” are often applied to the first element 
or group of elements which respond qualitatively to the 
variable in question, and the word “transducer” to the 
device which generates a signal suitable for transmission 
to intermediate, indicating or control devices. Transducers 
have been examined in Sec. 8-8. 

Relays and switches are intended to open and close 
measuring and control circuits. Some of them have been 
discussed in Chapters 11 and 21. 

Amplifiers are intermediate devices intended to boost 
the signals generated by transducers to values sufficient 
to drive final control elements (actuators and servo motors). 
They have been examined in Chapter 19. 

Final control elements (actuators and servo motors) 
cause the controlled variable to change in a predetermined 
manner. 


23-3. Automatic Inspection and Quality Control 


Automatic inspection and quality control covers the 
dimensions and quality of finished products, the concent- 
ration, turbidity and colour of solutions, the conditions 
(temperature, pressure and other variables) of a process, 
etc. 

Also falling under this heading is the counting, sorting 
and rejecting of finished products. 

If inspection is carried out at individual work stations, 
we have local or single-point inspection or quality control. 
The data thus gathered can be relayed to a central location 
so as to give an overall picture; this constitutes centralized 
or multipoint inspection or quality control. 

In Soviet usage, if the distance between an inspection 
station and the central room is small, reference is made 
to remote inspection. If the distance is large and involves 
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Fig. 23-2, Automatic inspection of liquids for turbidity 
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Fig. 23-4. Temperature logger 


is boosted by an amplifier, Amp, which energizes the cont- 
rol winding of a reversible motor, MZ. The other winding 
of the motor is energized by a.c. from the supply line. 

The current in the control winding causes the rotor to 
turn and actuate, via a gear box, a wiper 0 which adjusts 
the resistances in the arms to a value at which the bridge 
is again at balance. The displacement of the wiper necessary 
to restore balance is a measure of temperature variations, 
and these are recorded by the stylus of a recorder, Rec, 
on a paper chart, thus producing a permanent record, 
or log. The chart drum is driven by a constant-speed synchro- 
nous motor, M2, via gear box, GB. 


23-4. Automatic Machine Control 


In this section we shall deal with automatic devices 
which cause the actuators and servo motors of the cont- 
rolled plant to operate in such a manner that the operating 
variables are maintained or varied as may be required 
by the production process. This mainly covers speed cont- 
rol, braking, reversal, rotation of mechanism through 
an angle, advance of the workpiece, etc. 


{a} Automatic Drive Control 


Most often, electric drives are controlled automatically. 
As an example, let us see how a d.c. motor is started auto- 
matically. 

A shunt-wound d.c. motor is started by applying supply 
voltage via a starting rheostat made up of a number of 
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Fig. 23-41. Circuit for automatic 
quality inspection 





the use of communication facilities, one has telemetry and 
supervisory indication. 

Most commonly, the purposes listed above are served 
by electrical means, because they are applicable to all 
kinds of quantities, both electrical and nonelectrical, and 
can keep continuous watch on the variable of interest for 
monitoring and recording at any distance, and do so to 
a high level of accuracy and sensitivity. 

Let us discuss several examples. 

(1) In Sec. 8-8 we have discussed a variable-resistance 
transducer used for the remote indication of the level or 
volume of a liquid (see Fig. 8-35). 

(2) Figure 23-1 shows an automatic inspection circuit 
using a variable inductance. The workpiece, 7, under 
inspection is advanced in the direction marked by the 
arrow on a belt conveyor. Depending on its thickness, 0, 
the sensing spindle, 2, will move up or down, thereby 
varying the air gaps between the armatures, 3, and cores, 4, 
of an electromagnet coils. In this way, the inductance of 
the coil is made to vary in proportion to the thickness of 
the workpiece, J. 

The thickness, 0, of a workpiece can be measured by, 
say, an a.c. bridge similar to a d.c. bridge, with the coils 
[, and ZL, placed in one pair of bridge arms, and resistors 
r, and r, in the other pair. With the voltage across one 
pair of bridge junctions held at a constant value, that 
across the other pair will be a function of the thickness 
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ofthe, workpiece. The meter can be calibrated to read units 
of "_ thickness directly. 

(3) Products are often inspected by means of photocells. 
For example, in measuring the diameter of a wire, the 
latter is made t» move in front of a photocell. A heavier 
wire will intercupt a greater proportion of the lumine™s 
flux incident on the photocell, and the photocurrent genera- 
ted will decrease. The diameter can be indicated by a suitably 
calibrated current meter connected via an electronic ampli- 
fier to the photocell. 

Figure 23-2 shows an arrangement for the automatic 
inspection of liquids for turbidity. Light from a lamp 
passes through a vial holding the liquid under inspection 
and reaches a photocell. The amount of luminous flux 
reaching the photocell will depend on the turbidity of the 
liquid, and so will the photocurrent measured by a meter 
(indicator). Should the turbidity of the liquid exceed a pre- 
determined level, a discard electromagnet will remove the 
vial from the conveyor. 

(4) Figure 23-3 illustrates the use of a photocell] for count- 
ing workpieces. Light from a light source strikes a photocell 
and causes it to generate a photocurrent. A workpiece 
carried past the photocell by the conveyor intercepts the 
light beam, the photocurrent drops and causes a photorelay 
to operate. Each time the photorelay operates, a current 
pulse is sent to a counter. In the counter, the armature is 
attracted by the core and causes the pawl linked to it to 
advance its ratchet one tooth forward. The counter mecha- 
nism actuated by the ratchet has four drums with the digits 
from O to 9 inscribed on the side surface of each. The digits 
on the first drum read units, those on the second read tens, 
on the third, hundreds, and so on. 

(5) Figure 93-4 illustrates the operation of. an automatic 
temperature logyer. 

The temperature sensor is a thermistor*, T'R, placed in 
One arm of a lridge. Initially, the bridge is at balance. 
As the temperature varies, the resistance of the thermistor 
changes, the balance of the bridge is upset, and a current 
begins to flow between bridge junctions a and b. This signal 


* A thermistor is a temperature-sensitive resistor 
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Fig. 23-5. Automatic starting 
of a d.c. motor 





resistors (7,, T2, 73) connected in series with the armature. 
Gradually, these resistors are switched out of circuit. 
With a low-power motor, this is done automatically, with 
an increase in motor speed or in its emf which is proportion- 
al to its rpm. 

Figure 23-5 illustrates the automatic starting of a d.c. 
motor. After a two-pole knife-blade switch is cut in and 
the “Start” button is pressed, the contactor coil is energized 
and causes the main contacts, K, and the auxiliary contacts, 
AC, to make. The latter shunt the “Start” button and main- 
tain the supply circuit to the contactor after the button 
is released. At the same time, a current begins to flow 
in the field winding, the motor armature, and the sections 
T1, T. and rg, of the starting rheostat connected in series 
with the armature. Now the motor begins to rotate, picks 
up speed, and its emf rises in proportion. As speed rises, 
the first acceleration contactor, AZ, operates and closes 
its auxiliary contacts which shunt the first section, r,, of 
the starting rheostat. As speed keeps rising, the second 
acceleration contactor, AZ, operates and closes its auxiliary 
contacts which shunt the second section, r., of the starting 
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rheostat. Finally, the third acceleration contactor, <A3, 
operates and closes its auxiliary contacts which shunt the 
last section, r,, of the starting rheostat. This completes 
the starting sequence. The motor can be stopped by pressing 
the “Stop” button. 


(b) Time-Sequence Control of Furnace Temperature 


The sequence in which furnace temperature is to be 
varied with time can be set up in advance as a suitably 
profiled cam, as is shown at /7 in Fig. 23-6. The system 
illustrated in this figure continually compares the actual 
temperature in the furnace, 9, with one that must be at 
any particular time, as preset on the cam actuated from 
right to left by a clockwork, 2. 

The set-point value of temperature is sensed by a roller, 
3, riding the surface of the cam and relayed to a bellcrank, 
4, mounted on a pivot, 5. The pointer, 6, indicating the 
furnace temperature is placed in a vertical slot in the bell- 
crank and linked to a measuring potentiometer, 7. If the 
actual furnace temperature differs from its set-point value, 
the pointer will touch one of the contacts on the bellcrank 
and complete the supply circuit to a servo motor, 8. The 
motor starts rotating and varies the feed of fuel to the 
furnace so as to minimize the temperature error, as the 
difference is usually called. When the actual temperature 
is the same as its set-point value, the pointer does not touch 
any of the contacts on the bellcrank, and the servo motor 
remains stationary. 


Fig. 23-6. Time-sequence cont- 
rol of furnace temperature 
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(¢} Telecontrol on Railways 


The safety of traffic on railways is ensured by what is 
known as an automatic block signal system. Such a system 
is an assemblage of automatic and telecontrol facilities 
intended to time railway traffic in such a way that a train 
will be permitted to occupy the advance block (segment 
of track) by the traffic light at the start of the block only 
after the previous train has left it. 

In fact, the train itself actuates the associated signalling 
devices via the track circuits. The traffic circuit of a block 
is isolated from those of the blocks ahead and behind by 
insulated rail joints. 

On electric-traction railways, the track circuits operate 
on alternating current at 25 or 75 Hz, if the frequency 
of traction current is 50 Hz. If traction uses direct current, 
the track circuits operate’ at 50 Hz. 

The continuity of circuit for traction current is ensured 
by track choke-transformers (Fig. 23-7) which present 
a physical break to the track-circuit current between the 
separate blocks. One of the functions of the track circuits 
is to transmit the signals to be displayed by the traffic 
lights in the adjacent blocks. Here signals are transmitted 
as combinations of current pulses. For example the green 
light can be represented by three current pulses and a long 
interval separating them from the next three pulses; the 
yellow light can be represented by two pulses, and the red 
light by one pulse. As is seen, this is a number code, and 
the system is quite appropriately called a code Jfsignal 
system. 

Pulse combinations are sent into the track circuit by 
a code transmitter situated at the end of each block (see 
Fig. 23-7). At the start of the next block these pulses are 
received by a track relay at the traffic light, and the relay 
operates in synchronism with the incoming pulses. The 
pulses are then converted by a decoder in such a way that 
the traffic light is caused to display an appropriate colour. 
Arrival of three pulses causes the decoder to turn on the 
green light. Two pulses will cause it to turn on the green 
light, too, because the advance block is clear, but its traffic 
light displays yellow colour because its track relay has 
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Fig. 23-7. Automatic block signal system of a railway 
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received a single pulse from the occupied block. No pulses 
are fed to the traffic light of the occupied block, and it 
displays red colour. As soon as the train cJears the block, 
one-pulse signals will arrive at its traffic light, and the 
latter will display yellow colour, thereby causing two pulses 
to be sent into the track circuit, so the light traffic in the 
previous block will display green instead of yellow colour. 
These code combinations may be used for automatic block 
and train signalling. 

The automatic block signal system takes its power from 
the secondary of a transformer at 110-120 V fed over a cable 
to the relay cabinet. The transformer primary is usually 
connected to a power transmission line operating at 6-10 kV. 

On present-day railways, switches and signals are usually 
controlled from a central control room. The devices used 
for the purpose constitute a centralized switch and signal 
control system. With it, control of a large number of switch- 
es and signals can be concentrated in a single control 
room. It speeds up route selection, enhances traffic safety, 
and raises the efficiency of personnel. 

A typical centralized switch and signal control room has 
a control board, an illuminated track diagram, control 
devices,  track-circuit interlocks, a | power supplies 
(Fig. 23-8). The switches and traffic lights are situated 
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at their locations throughout the railway station, and the 
switches are actuated by their operating machines. The 
switches, traffic lights and other track devices are connected 
to the contro! room by cables. 

Signal and switch interlocking is only one of the functions 
performed by a centralized control room. It also must 
prevent admission of a train to an occupied track and trans- 
fer of switches under a train; to this end, it must keep 
continuous watch on the status of switches and the occupancy 
of station tracks. 

For control of switches and signals, the control room has 
contro] panels or hoards. At small stations, each switch 
is ordinarily operated separately from any other, by means 
of two buttons. The position occupied by a switch at the 
moment is indicated by an illuminated Jamp on the control 
panel. After the switches have been placed in the position 
corresponding to the selected route, the operator presses 
a snitable button, and the outgoing traffic light displays 
green colour. : 

The route is selected by consecutively pressing the two 
route buttons on the control panel. one button marking the 
start and the other button the end of the route (this is 
known as route control). 

The operator can use his control panel! only after he recei- 

ves an acknowledgement that all the devices have executed 
the respective commands, and after he ascertains the status 
of all controlled switches, traffic lights, tracks and switch 
stands. Their status is monitored by reference to the illu- 
minated track diagram which has lamps to indicate the 
occupancy of the inward- and outward-bound tracks and 
switch sections by trains. When a track or a track section 
is not occupied, the respective lamp on the track diagram 
remains dead. 
r"A system combining automatic block signalling, electric 
interlocking and control of all switches and lights at the 
intermediate stations of a track section bv a single disnatch- 
er from his room constitutes a centralized” dispatching 
(or centralized traffic) contro! system. 

In this case, train handling at a way (intermediate) 
station reduces to route selection, operation of traffic lights, 
and dispatch of trains in the sequence ordered by the dis- 
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patcher. The facilities available enable one train dispatcher 
to control all the crossing loops and intermediate stations 
within a single track section (100 to 150 km long) (Fig. 23-9). 

The capabilities of centralized dispatching control inc- 
lude control of all switches and station signals within the 
section from a single point, monitoring;the’status of switch- 
es, traffic lights’ and isolated sections by means of super- 
visory devices, and recording of train traffic by a train 
recorder. 

Centralized dispatching control uses a code _ control 
system which transmits commands from the train dispatch- 
er to the outlying stations (telecontrol) and receives 
messages from the outlying stations to the train dispatcher 
about the status of controlled switches and lights, the 
occupancy of tracks and switch sections, the position and 
direction of travel of trains (teleindication). 

The equipment that the train dispatcher has at his dispo- 
sal in the central control room includes a control board, 
an illuminated track indicator, a train recorder, a central 
encoder to transmit commands to and receive messages 
from the outlying stations within the section. Commands 
are sent from the control board as the dispatcher presses 
the respective command buttons. Where route selection 
involves the selection of the respective traffic lights, the 
dispatcher first uses the button corresponding to the start 
of the route (the “inward-bound” button), then the button 
corresponding to the end of the route (the “outward-bound” 
button). In this way, he assigns a track for the train and 
the traffic light that will give a “clear” signal to the train's 
driver. 


(d) Numerical Control of Machines 


Advances in computational engineering have served much 
to stimulate the development of numerically controlled 
machines. 

Basically, numerical control of machines consists in 
working out a sequence of operations required to make 
a part, one also compiles a table (called a program sheet) 
showing the discrete points (in position control) or conti- 
nuous path (in path control) that the tool will take up or 
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follow in performing its function. These positions or the 
continous path are encoded in numerical form, that is, 
as a set of numbers. The numbers are then punched into 
a card or a tape, and the card or tape is finally loaded into 
the punched-card or punched-tape reader of the machine. 
The reader converts the combinations of punchings into 
appropriate commands which are distributed by suitable 
devices among the final control elements (slide actuators, 
indexing-table actuators, etc.). 

All numerical control systems mainly differ in the man- 
ner in which position or path data are generated and conver- 
ted and also the manner in which the commands are execu- 
ted by the final control elements. Accordingly, there are 
open-loop, closed-loop. and self-adjusting numerical control 
systems. 

Figure 23-10 shows an open-loop numerical control sys- 
tem. A program”stored on punched tape, 2, is loaded into 
a punched-tape reader, 7, which converts the combinations 
of punchings into respective commands in the form of 
electric signals. The signals undergo one more conversion 
in block, 3, whence they are routed to the actuator, 4. 
As a result, the actuator causes, say, the slide or indexing 
table to move to the next position prescribed in the prog- 
ram. Whether or not the actual displacement is the same 
as the one prescribed in the program is not checked. 

Figure 23-11 shows a closed-loop (or feedback) numerical] 
control system. In this system, feed-forward data read off 
the storage medium, 2, by a reader, 7, are routed via conver- 
ter, 3, to a comparator, 4. Feedback data are generated 
by a feedback sensor, 7, which monitors the actual displace- 
ment or position of the tool and directs the signal likewise 
to the comparator. From a comparison of feed-forward and 
feedback data, the comparator generates what is called 
an error signal which drives an actuator, 5, and this moves 
the tool, 6, as prescribed by the program and conveyed 
by control signals. As soon as the actual displacement (or 
position) becomes the same as the programmed one, the 
comparator ceases generating error signals. 

In contrast to a closed-loop system, a_ self-adjusting 
system has an additional transducer which generates data 
about the actual characteristics of the surface heing machi- 
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Fig. 23-11. Ciosed-loop (feedback) time-sequence control system 


ned, and directs them to an interpolator. The, latter com- 
bines the incoming data with those from the program reader 
and stores the result in internal memory for further use. 

As we have learned, numerical control uses numbers 
in its programs (see Chapter 22). In position control systems, 
these numbers define the position or displacement of the 
slide. In path control systems, the numbers usually define 
the contour of the surface being machined relative to some 
reference point. 

As an example, let us take a closer look at the numerical 
control of a vertical milling machine. The blank set up 
on the table of the machine is milled to produce a cam 
having the desired profile by causing it to move relative 
to a rotating cutter whose axis remains in one and the same 
position at all times. The blank is in two motions at a time, 
namely rotation, S, about its axis (Fig. 23-12) and transla- 
tional motion towards and away from the cutter axis. 

Programming involves a number of steps, such as ma- 
vhine set-up, determination of interpolation intervals, 
location of points on the workpiece, location of breakpoints 
in the tool centre path at equal increments, determination 
of the first difference between the locations of the cutter 
centre path breakpoints, and division of the result by the 
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Fig. 23-12. Generation of a cam profile 


elementary pitch or, which is the same, the incremental 
pulse. The latter is selected according to the surface finish 
desired and the tolerances on the work profile. For each 
angular unit of blank rotation, the pulses should take an 
appropriate sign, according to whether the cutter should 
move towards or away from the workpiece. For linear inter- 
polation, the difference between adjacent values of radius r 
(see Fig. 23-12) is determined, that is, at points A and C, 
C and D, etc. After the blank is turned through an angle a, 
the cutter would move from point A to point /& instead 
of point C. To avoid this, the cutter is fed from point 2B 
to point C, etc. No feed is applied between points H and A. 

After input data have thus been determined they are 
transferred by a photographic camera onto photographic 
film used as the storage medium. The first track on the 
film is a record of programmed variations in the path of 
the feed servo. Light bars on the film stand for commands 
that cause the blank to move away from the cutter, and 
dark bars to move towards the cutter. The second track 
is a record of the programmed rate at which feed is to be 
varied. The third track stores the feed control program. 

Operation of a numerically controlled vertical milling 
machine is illustrated in Fig. 23-13. The table mounting 
the blank, 74, is driven by a motor, 3. Longitudinally, the 
table is actuated by another motor, 70, via a gear train, 
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Fig. 23-13. Sketch of a numerically controlled vertical mil- 
ling machine 


electromagnetic clutches, 9 and JZ, and a lead-screw, 72. 
The blank moves away from or towards the cutter, according 
to which one of the two electromagnetic clutches is energized. 
When control pulses recovered from code combinations 
on the film are applied to electromagnets, 7 and 2, the 
associated escape pallets swing to and fro between the 
teeth of the escape wheels, 4 and 3, the former having fine 
teeth and the latter coarse teeth. As a result, the lead-screw 
advances through a distance corresponding to the angle 
between two adjacent teeth on the escape wheels. In the 
absence of control pulses, the pallets and escape wheels 
remain stationary, thereby locking the lead-screw and the 
respective clutch slips. 

The amount of longitudinal feed applied to the table 
is controlled by the tooth pitch of the gears in the gear 
train. Which gear is engaged depends on which relay is 
caused to operate. Operation of a relay is initiated by 
a pulse generated by a photocell, 15, as it reads code com- 
binations on the moving film, boosted by an amplifier, 
16, and applied to the actuator unit. 

The lead-screw is linked to the escape wheels by a dif- 
ferential, K, and gears 6, 7 and &. Feedback is effected 
as follows. At the left-hand end of the leadscrew, there are 
two toothed discs having the same number of teeth as the 
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escape wheels; these discs are coupled to feedback sensors, 13- 
Should the lead-serew fail to rotate despite the application 
of a control pulse, the feedback sensors will generate an 
appropriate signal for the control unit, and the latter will 
cause the escapement to operate and the lead-screw to rotate 
and advance the workpiece as may be necessary. 


23-5. Automatic Process Control 


An automatic control system is intended either to main- 
tain the progress of a process or plant to satisfy some pre- 
determined criteria, or to vary this progress with time accord- 
ing to some law. 

Such a process or plant is called the controlled process 
or plant, and the physical quantity associated with it and 
maintained or. varied in a predetermined man..er is called 
the controlled variable. ‘he controlled plant may be, say, 
an electric motor, and the controlled variable may be its 
rpm. 

The normal progress of a process or operation of a plant 
is subject to external influences, called disturbances. 

A good many automatic control systems may graphically 
be depicted by a general block diagram such as shown 
in Fig. 23-14. Here, the block numbered “1” represents 
a transducer (measuring element or sensor) which senses 
variations in the controlled variable olf the controlled 
plant or process, CP, which may be caused by external 
disturbances, VD. ‘lhe sensed value of the controlled variable 
is fed to a comparator, 2, which compares it with the set- 
point value, 6. If the two differ, the comparator generates 
an error signal which is boosted by an amplifier, 3, to the 
desired value. A converter, 4, converts the boosted signal 
to another form convenient for application to an actuator 
or final control element, 5, and this acts upon the control- 
led plant (or process) so as to minimize the error signal. 

Of course, in each particular case, a specific control 
system may have a different number of units, and the units 
themselves may perform functions differing from those 
discussed. Depending on the manner in which control systems 
affect the controlled variable, they may be classed into: 

(1) control systems of the regulator type (this type inc 
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Fig. 23-14. Block diagram of an automatic closed-loop (fecd- back) 
control system 


ludes, speed:.governors, voltage regulators, frequency regula- 
tors, etc.); 

(2) control systems of the time-sequence type which 
maintain or vary the controlled variable to a: predeter- 
mined timegsequence (this type includes the time-sequence 
furnace temperature, regulator, examined in Sec. 23-4); 

(3) control systems of the servo type in which a system 
responds to changes in the set point, these changes being 
of an unpredetermined nature. 

Let us consider several examples. 

(a) A regulator-type control system. Figure 23-15 shows 
the circuit of a d.c. generator voltage regulator. Any change 
in the load, AR, (external disturbance), of the generator, G, 
brings about a change in the generator terminal voltage, Vg. 
The difference between the set-point value, V,.;, and the 
actual terminal voltage, Vg, that is, AV = V,.; — Vg, 
is applied to the input of an amplifier, Amp, whose output 
is coupled to the armature of a servo motor, M. Depending 
on the sign of the difference voltage, AV, applied to the 
amplifier, the armature willrotate clockwise or anticlockwise. 
In doing so, it will move the wiper of a rheostat connected 
in the field winding, G’W, of the generator. The servo 
motor will keep rotating and the wiper moved until the 
difference voltage, or error signal, is minimized to V, = 
= V,.;. When this happens, the voltage applied to the 
amplifier will be zero (AV = QO), the armature winding 
of the servo motor will be de-energized, and the motor 
will stop. 

(b) A servo-type control system. Figure 23-16 shows 
a servo system used to transmit the angular position of an 
antenna to an output shaft. The antenna shaft is coupled 
to the wiper of a potentiometer, /,, so the wiper setting 
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Fig. 23-15. Voltage stabiliza- Fig. 23-16. | Transmission of 


tion of a d.c. motor antenna angular position to 
an output shaft by a_ servo 
system 


is proportional to the angular position of the antenna. 
Accordingly, the voltage, V,, taken from the potentiometer 
wiper is likewise proportional to the angular position of the 
antenna. This voltage is applied via a resistor, R,, to an 
amplifier, Amp, whose output is coupled to the control 
winding of a servo motor, M. The shaft of the servo motor 
is coupled via a gear box to the wiper of potentiometer, R,. 

The voltage, V,, taken from the wiper of R, is applied 
via R,(R, = R,) to the same amplifier. Because V, and V, 
are of opposite polarity, the voltage applied to the input 
of the amplifier will be their difference, AV = V, — Vj. 
The servo motor and, as a consequence, the output shaft 
will keep rotating until the difference voltage, or the error 
signal, is minimized to zero. When this happens, the wipers 
of R, and A, will have taken up identical angular positions. 
In this way, the angular position of the output shaft serves 
as an indication of the angular position taken up by the 
antenna. 

The requirements that any control system must above 
all satisfy are stability (freedom from hunting), accuracy, 
and high speed of response. To meet these requirements, 
every system incorporates suitable compensating elements. 

Recently, direct digital control (DDC) systems have 
gained popularity. In them, a single computer controls 
different variables over a large number of control loops. 
Control action, or law, may be any, however complex, and 
can readily be adapted to a varying situation. 
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A-battery, 378 

Access time, 582 

Aeeaeys basic percent-of-full-scale, 
Accuracy, percent-of-indication, 224 


Accuracy classes, 225 
Accuracy rating, 226 
A.c. resistance, 381 
Actuating power, 549 
Actuating quantity, 548 
Adder, 577 
full, 578 
half, 578 
Admittance, 181 
Algorithm, 563 
Alignment pin, 383 
Alpha cutoff frequency, 503 
Alternating current, 37. 
Ammeter, electrodynamic, 239 
ferrodynamic, 239 
moving-coil, 235 
moving-iron, 239 
rectifier-type, 237 
thermo-emf, 238 
Ammeter-voltmeter method, 251 
Ampere, 37 
Ampere-hour, 67 
Ampere per metre, 81 
Ampere’s circuital law, 82 
Ampere-turn, 80 
Ampere-turn per metre, 81 
Amplification factor, 391 
Amplification factor, gas, 462 
Amplifier, audio-frequency, 493 
classes of operation, 502 
common-emitter, 496 
current, 493 
direct-coupled, 493 
direct-current, 493 
electrical efficiency of, 495 
feedback, 508 
final stage, 506 
frequency response of, 496 
multi-stage, 493 
multi-stage tube, 519 
one-stage, 493 
overall efficiency of, 495 
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power, 493 
push-pull, 503 
radio-frequency, 
RC-coupled, 493 
single-ended, 507 
transformer coupled, 450, 493 
pa aed push-pull power, 


transistor, 496 
two-stage, 493 
vacuum tube, 509 
voltage, 493 

Amplifier stage, 

characteristic of, 

Amplitude, 156 

AND gate, 568 

Angle of deflection, 229 

Angle, twist, 229 

Angular acceleration, 130 

Anode, 35 
accelerating, 539 
focus, 
virtual, 394 

Aperture disc, 539 

Aquadag, 541 

Arc-back, 413 

Arc firing voltage, 409 

Arc-chute, 317 

Arithmetic unit, 563 

Armature, 102 

Armature reaction, 131 

Armature winding, emf of, 128 

Autoelectronic effect, 374 

Automatic (self-) bias, 516 

Automatic block signal system, 598 

Automatic control, 590 

Automatic drive control, 595 

Automatic inspection and quality 

control, 590 
Automatic machine control, 590 
ge process control, 


493 


dynamic transfer 


242, 
Automatic process monitoring, 242 
Automatic system, 590 
Automatic temperature logger, 593 
Autotransformer, 
Average value, 163 
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Baffle, 413 
Bandwidth, 493 
of circuit, 193 
Barretter, 420 
Base bias voltage, 496 
Basc value, 226 
B-battery, 378 
Beam-confining plates, 403 
Beam-deflection system, 538 
Beam-power tetrode, 402 
Bell, 494 
Biasing, forward, 435 
reverse, 436 
Bimetallic thermal element, 328 
Peres decimal representation, 
Binary counter, 565 
Bit, 
Body, charged, 17 
_neutral, 17 
Boolean algebra, 568 
Breakdown, avalanche, 456 
Breakdown voltage, 30 
Breakover current, 456 
Breather, 280 
Bridge, double, 251 
unbalanced, 251 
Brush, 122 
Brushgear, 122 
Brush-holder, 122 
Buffer memory, 585 
Bus-way, closed, 354 
open, 354 


Cable, steel messenger, 350 
Capacitance, 23 ; 
grid-to-cathode (input), 397 
interelectrode, 397 
plate-to-grid (transfer), 397 
plate-to-cathode fourpue: 397 
Capacitive reactance, 18 
Capacitive susceptance, 397 
Capacitor, 23 
ceramic, 25 
electrolytic, 25 
fixed, 24 
mica, 25 
paper, 25 
plane-parallel, 24 
running, 302 
variable, 24 
Capacity, 67 
installed load, 356 
overload, 294 
Capacity (ampere-hour) efficiency, 69 
Carriers, majority, 433 
Cathode, 35, 369 
directly heated, 375 
emission efficiency of, 376 
emissive capacity of, 375 
indirectly heated, 375 
life of, 376 
mercury-pool, 410 
operating temperature of, 376 
thermionic, 375 
unit filament dissipation of, 376 
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Cathodoluminescence, 542 
Cell, electrolytic, 39 
Leclanché, 67 
primary, 65 
storage, 39 
storage, acid, 67 
storage, alkaline, 67 
storage, lead-acid, 67 
storage, silver-zinc, 70 
Volta, 66 
zinc-manganese, 66 
Characteristic, drooping, 152 
external (load), 140 
flat, 148 
magnetic, 139 
no-load, 139 
operating, 147 
remote cut-off, 391 
sharp cut-off, 391 
speed, 147 
torque, 152 
Characteristic impedance, 188 
Chemical source of current, 65 
Circuit, a.c., 167 
common-base, 447 
common-collector, 448 
common-emitter, 447 
complex, 63 
motor control, 329 
shunt, 242 
single-phase, 167 
three-phase, 205 
teats breaker, automatic air, 324 
oll, 
Circuit junction, 53 
Clock input, 574 
Clock pulse, 566 
Clock track, 588 
Closed contour, 107 
Code signal system, 598 
Code transmitter, 598 
Coercive force, 95 
Coil, current, 242 
series, 242 
Coil ends, 125 
Coil sides, active, 125 
Condenser, synchronous, 308 
Conditions, reference, 226 
Conductance, 41 
Conduction, electron, 430 
extrinsic, 432 
hole, 430 
intrinsic, 430 
unidirectional, 379 
Conduction angle, 490 
Conduction electron, 20 
Conductivity, 21 
Conductor, 21 
first type, 23 
second type, 23 
Conductor material, 46 
Connection, delta, 207 
mesh, 
star, 207 
star-delta, 270 
star-star, 270 
wye, 207 
Connection of capacitors, 26 
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Contactor, 325 
Contactor, acceleration, 334 
a.c. three-pole, 325 
magnetic, 330 
Contacts, arcing, 316 
break (normally-closed), 326 
make (normally-open), 326 
Controlled quantity, 548 
Controller, 320 
Control system, centralized dispat- 
ching, 601 
direct digital, 610 
numerical, closed-loop, 604 
numerical, open-loop, 604 
numerica], se f-adjusting, 604 
regulator ‘type, 609 
servo type, 604 
ere ar type, 609 
Control uni 
Conversion analog-to-digital, 
by pulse circuits, 241 
alestronic: 241 
Commutation, 133 


241 


delayed, 135 

linear, 434 
Commutation cycle, 134 
Commutation period, 133 


Commutator, 121 
Commutator ring fire, 136 
Comparator, €04 
Compensators collector temperature, 
emitter, 498 
Composite controlling voltage, 
Composition resistor, 44 
Computer, 562 
control, 562 
digital electronic, 562 
general purpose, 562 
special purpose, 562 
Core, legs, 
limb bs, 262 
Corona, 410 
Coulomb, 19 
Counter electrode, 441 
Counter-emf, 
Coupling, inductive, 
coefficient of, 
Covalent electron-pair bond, 430 
Current, active, 196 
alternating, 155 
design, 357 
equivalent, 312 
- field (excitation), 120 
maximum allowable, 357 
no-load excitation, 140 
operate, 327 
reactive, 196 
release (drop-out), 
Current constant, 230 
Current density, 40 
Current gain, alpha, 446 
of common-ernitter circuit (beta), 
0 
Current strength, 36 
Curve, load, 312 
Cut-off angle, 503 
Cut-off point, 387 


394 


117 


327 
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Cut-off voltage, 387 
Cyclic magnetization, 95 


Damper, 230 
Dark current, 466 
Dark resistance, 466 
Dash-pot, 230 
Datum point, 206 
Datum vector, 165 
Decibell, 494 
Decoder, 598 
Deflection plates, 541 
Deflection sensitivity, 542 
Deflection yoke, 546 
Delay circuit, acoustic, 581 
Delay line, 581 
Demand factor, 356 
Depletion (barrier) layer, 435 
Depolarizer, 
Dielectric, 21 
Dielectric’ heating, 29 
Dielectric strength, 30 
Digital readout, 224 
Dilutants, 322 
Diode, base-type, 383 
copper-oxide, 439 
crystal, 434 
double, 383 
equivalent, 394 
gas-filled thermionic, Ali 
initial current in, 379 
junction, 436 
point-contact, 436 
radio-frequency, 383 
rectifying vacuum, 
soft-lead, 383 
space-charge-limited operation of, 


stabilizer, 409 

stiff-lead, 383 

temperature-limited operation of, 
38 


vacuum, 368 
Zener, 444 
Dipole layer, 373 
Dipole moment, 29 
Direct current, 36 
Discharge, arc, 409 
corona, 410 
glow, 409 
nonself-maintaining arc, 409 
self-maintaining, 409 
spark, 0 
Townsend (dark), 409 
Discharge current, 28 
Discharge gap, 408 
Distribution board, 340 
frameless, 343 
front-and-back serviced, 
front-serviced, 343 
low-voltage, 343 
packaged four-unit, 343 
Distortion, amplitude (nonlinear), 496 
frequency, 495 
phase, 496 


383 


343 
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Drive, clectric, 310 

Duty, intermittent, 314 
short-time, 313 

Duty factor, 314 

Dynamic plate resistance, 380 

Dynatron effect, 401 

Dynode, 464 


Edge, leading, 132 
trailing, 132 
Eddy current, 98 
heating by, 112 
Eddy-current loss, 112 
Efficiency of line, 53 
Electric angle, 157 
Electric charge, 17 
Electric circuit, 37 
Electric conduction, 20 
Electric conductivity, 40 
Electric constant, 24 
Electric current, 21 
Electric dipole, 29 
Electric energy, 17 
Electric field, 17 
Electric field strength, 18 
Electric generator, 108 
Electric lines of force, 18 
Electric machine, bipolar d.c., 121 
characteristics of, 137 
d.c., 120 
ratings, 137 
Electric motor, 39, 109 
Electric resistance, 40 
Electrical-sheet steel], 97 
Electrochemical equivalent, 36 
Electrode potential, 65 
Electrodynamic force, 91 
Electrolysis, 36 
Electrolyte, 35 
Electron beam, 538 
Electron conduction, 23 
Electron gun, 538 
Electron-spin magnetic moment, 94 
Electronvolt, 369 
Electromagnet, 102 
Electromagnetic force, 86 
Electromagnetic induction, 104 
Electromagnetic induction, emf of, 104 
Electromagnetic induction, law of, 104 
ey ca hace power of d.c. machine, 
13 
Electromotive force, 39 
Elementary current, 93 
Emf, phase, 206 
sinusoidal, 156 
Emission, bombardment, 374 
cold, 374 
electron, 373 
field, 374 
photoclectric, 
secondary, 375 
thermionic, 374 
Emission current, 374 
saturation, 380 
Emitter, atomic-film, 377 


374, 460 


oxide-coated, 377 
pure metal, 377 
Emitter follower, 451 
Ends, cold, 238 
hot, 238 
Energy, 47 
active, 203 
reactive, 203 
Energy band, 21 
Energy of electric field, 28 
Energy gap, 22 
Epoch, 159 
Epoch, angle, 166 
Equivalent capacitance, 27 
Equivalent conductance, 56 
Equivalent resistance of circuit, 54 
Error, absolute, 224 
complementary residual-magneti- 
zation, 231 
friction, 239 
instrument, 227 
percent-of-indication, 224 
Error signal, 604 
Escape potential, 373 
Excitron, 423 
Excitron, six-anode metal-tank, 425 
Excitron, three-anode three-phase, 423 
External circuit, 37 
Extinction voltage, 532 


Failure-free operation, 549 
Farad, 2 
Fatigue, 463 
Feedback, 398 
negative d.c., 498 
positive, critical, 509 
Feedback circuit, 508 
Feedback factor, 508 
Feedback sensor, 604 
Ferrite, 97 
Ferromagnetic material, 85 
Ferromagnetics, 93 
Field, accelerating, 369 
direct, 301 
electromagnetic, 17 
magnetic, 17 
retarding, 370 
revolving magnetic, 281 
transverse, 371 
Filter, LC, L-section, 488 
LC, three L-section, 488 
pi-section, 489 
RC, L-section, 488 
ripple, capacitor-input, 486 
ripple, choke-input, 486 
ripple, LC, 486 
ripple, RC, 486 
smoothing (ripple), 442 
Final voltage, 68 
Firing angle, 490 
Firing (breakdown) potential, 412 
Firing voltage, 409 
Five-section decade box, 250 
Flemming’s left-hand rule, 371 
Flip-flop circuit, 549 
“loat, 258 
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Flux, direct, 301 
leakage, 262 
light, 62 
magnetic, 83 
pulsating, 265 
reverse, 301 
useful, 262 
Flyleads, 254 
Focusing coil, 546 
Force couple, 228 
Force-free (transient) voltage, 484 
Forbidden band, 22 
Forming, 68 
Forward breakover voltage, 456 
Forward current, 
Fourier series, 473 
Fourier’s theorem, 473 
Frequency, 155 
angular, 157 
angular resonant, 192 
limiting, 194 
natural, 188 
natural angular, 188 
resonant, 192 
standard commercial (power), 155 
Frequency response, 
Full-scale deflection, 226 
Fuse, 52, 322 
cartridge, 323 
plug-type, 322 
sand, 323 
Fuse-box, group, 356 
Fuse link, 322 
Fuse receptacle, 322 


Galvanometer, 235 
Gate trigger ‘current, 457 
Gauss, 85 
Generation of 
432 
Generator, 39 
a.c., 157 
compote moun: 142 
C3, 
with delta-connected windings, 


electron-hole pairs, 


pond sexernal) characteristic of, 


magnetohydrodynamic, 118 
neutral point of, 207 
salient-pole, 305 
sawtooth voltage, 532 
separately excited, 138 
shunt-wound, 141 
with star-connected windings, 207 
synchronous, 
three-phase, 205 
Geometric neutral, 127 
Glass burst diaphragm, 280 
Grid, control, 386 
de-ion, 316 
screen, 399 
suppressor, 403 
Grid bias, 514 
Grounding electrode, 362 
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Harmonic, first (fundamental), 473 
second, 3 

Harmonic function, 176 

Henry, 84 

Heptode, 406 

Hertz, 155 

Hexode, 406 

High-silicon steel, 98 

Holding current, 457 

Hole, 368 

Hybrid parameters, 454 

Hydrogenerator, 304 

Hysteresis loop, 96 
major cyclic, 96 


Idle contact, 139 
Igniter rod, 423 
Ignitron, 368 
metal-tank, 427 
Impedance, 175 
reactive, 190 
Impedance triangle, 175 
Impurity, acceptor, 433 
donor, 
Inductance, 113 
mutual, 116 
unit of, 84 
Industrial distribution network, 337 
ibebarag ae transformer substation, 339 
ot iron, 97 
nitial magnetization curve, 94 
input unit, 563 
so al centralized (multipoint), 


Inspection, local (single-point), 591 
Inspection, remote, 
Instantaneous value, 156 
Instruction, 564 
Instrument, analog, 224 
comparison, 224 
current sensitivity df, 230 
digital, 224 
digital, electromechanical, 241 
direct reading, 224 
electrodynamic, 225 
electrostatic, 226 
ferrodynamic, 225 
induction, 225 
movement of, 228 
moving-coil, 225 
moving-iron, 225 
rectifier-type, 225 
thermo-emf, 5 
vibration, 226 
Insulating material, 21 
Insulator, Bascouss 34 
liquid, 
pin, 348 
porcelain, 
solid, 33 
suspension, 344 
Internal circuit, 37 
Interpolator, 605 
Interpole, 136 
Ion, negative, 20 
positive, 20 


low-voltage, 345 
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Ion conduction, 23 
Ion conductor, 35 
Tonization, 21 
impact, 30, 409 
Isolator, bus, 340 


Joint current, 467 

Junction, cold, 259 
hot, 259 

Just operate value, 549 

Joule’s—Lenz’s law, 50 


Kinescope, 537 
Kirchhoff’s current law, 53 
Kirchhoff’s voltage law, 62 


Latching current, 457 
LC circuit, parallel, 195 
LCR circuit, 188 
Left-hand rule, 87 
Lenz’s law, 107 
Line current, 212 
Line voltage, 207 
Linear circuit, 73 
Liquid gauge, 257 
Load, 39 
delta-connected, 217 
star-connected, 212 
unbalanced-phase, 220 
Load line, 499 
Load moment, 361 
Load power, 48 
Low silicon ‘steel, 98 
Loss, brush-contact, 153 
copper, 279 
electric, 154 
frection, 130 
iron, 130 
mechanical, 153 
no-load power, 154 
stray power, 154 
voltage, 359 
Luminous sensitivity, 462 


Machine, synchronous, 304 
Magnetic circuit, 100 
Magnetic circuit, closed, 103 
multi-path, 10 
open, 102 
single-path, 100 
Magnetic dipole, 93 
Magnetic dipole moment, 93 
Magnetic drum, 585 
Magnetic field, energy of, 115 
of current, 
strength of, 80 
Magnetic flux, ‘excitation, 120 
Magnetic head, write/read, 585 
Magnetic hysteresis, 95 
Magnetic induction, 78 


Magnetic intensity, 81 
Magnetic line of force, 78 
Magnetic potential difference, 82 
Magnetic saturation, 94 
Magnetically hard material, 97 
Magnetically soft material, 97 
Magnetization, 93 

reversal of, 93 
Magnetization curve, major (princip- 


e), 9 
Magnetizing force, 80 
Magnetomotive force (mmf), 80 
diagram, 267 
reverse, 301 
Main distribution centre, 337 
Maximum plate dissipation, 380 
Maxwell, 85 
Measurement, 223 
Measuring elements, 256 
Measuring instrument, 223 
electrical, classification of, 224 
reference, 223 
working, 223 
Mechanical power of d.c. Speen 130 
Medium, dia ampenetic,..8 
paramagnetic 
Megohmmeter, ogo °t 
Memory plane, magnetic core, 583 
Memory unit, 563 
Meter, active’ energy, 249 
constant of, 249 
induction, 247 
pointer, 224 
reactive-energy, 249 
single-phase, 249 
two-unit, single-disc, 249 
two-unit, two-disc, 249 
Micropowder magnet, "99 
Milliammeter, 235 
Minority-carrier (field-conduction) cur- 
rent, 435 
Moment, dynamic, 130 
Moment. of resistance, statical, 130 
Moment of inertia, 130 
Momentary button, 329 
Motion of electric charge, 20 
Motion of loop in magnetic field, 106 
Motion of wire in magnetic field, 105 
Motor, armature-controlled, 150 
capacitor, 302 
com pouerwound: 145 
a 
d.c./a.c. commutator, 308 
efficiency of, 357 
induction, 274 
induction, artificial characteristic 


of, 295 
induction, efficiency of, 303 
induction, losses in, 303 
induction, mechanical characte- 
ristic of, 295 
induction, natural characteristic 
of, 295 
induction, rotor winding of, 287 
induction, single-phase, 299 
induction, squirrel-cage, two- 
speed, "333 
induction, stator winding of, 284 


Index 


induction, three-phase phase- 
wound-rotor (slip-ring), 288 
mechanical characteristic of, 138 
Multi-speed, 298 
separately excited, 145 
series-wound, 145 
shunt-wound, 145 
squirrel-cage-rotor, 287 
synchronous, 274 
three-phase, 205 
Movement, current constant of, 252 
electrodynamic, 232 
ferrodynamic, 233 
moving-coil, 228 
moving-coil, with external per- 
manent magnet, 228 
moving-coil, with internal per- 
manent magnet, 
moving-iron, 231 
Moving element, 228 
Multi-loop circuit, 63 
Multi-mesh circuit, 63 
Multivibrator, 534 
symmetrical, 534 
Mutual conductance, 391 


Neon-argon mixture, 417 
Neon lamp, 
multi-electrode, 417 
two-electrode, 417 
Network, balanced-phase, 219 
loop, 338 
radial, 338 
three-phase, 205 
Neutral wire, 207 
Node, 53 
Nonlinear circuit, 73 
Nonuniform magnetic field, 78 
Normal glow region, 418 
NOT gate, 568 
Null indicator, 545 
Null-balance method, 241 
Number system, binary, 565 
decimal positional, 565 
hexadecimal, 567 
octal, 567 
Numerical control of machines, 603 


Octal base, 383 

Octode, 406 

Oersted, 81 

Ohm, 42 

Ohmmeter, 252 
Ratiometer type, 253 

Ohm’s law, 40 

Oil conservator, 280 

Oil expansion tank, 280 

Oil gauge, 280 

Operate time, 549 

Operate value, 548 

OR gate, 568 

Oscillations, 186 
damped, 188 
undamped, 188 
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Oscillator, Colpitts, 530 
externally excited, 528 
harmonic, 528 
Hartley, 530 
relaxation, 532 
self-excited, 528 
self-excited, LC type, 528 
self-excited, RC type, 528 
sinewave, 528 
vacuum-tube, 528 

Oscillatory circuit, 186 

Oscillograph, 1 

Oscilloscope, 528 
- Cathode-ray, 543 
dual-beam, 544 
dual-trace, 544 

Output unit, 563 

Overall (watt-hour) efficiency, 69 

Overload protection, 50 


Parallel arrangement of capacitors, 27 
Parallel combination of resistances, 55 
Path control, 603 
Peak value, 156 
Peak-inverse voltage, 380 
Penetration factor, 393 
Pentode, 403 
Period, 155 
Peripherals, 563 
Permalloy, 97 
Permanent magnet, 77 
Permeability, 83 
Permittivity, absolute, 25, 84 
relative, 25, 84 
Persistence (decay) characteristic, 542 
Phase, initial, 159 
Phase angle, 159 
Phase current, 212 
Phase difference, 158 
Phase displacement, 271 
unit of, 271 
Phase voltage, 207 
Photocell, 368 
gas-filled, 460 
semiconductor, 460 
vacuum-tube, 460 
Photo-conductive cell, 460 
Photoconductive effect, 460 
Photocurrent, 256, 461 
Photocurrent pulses, 256 
Photodiode, 460 
Photoeffect, external (outer), 460 
internal (inner), +60 
Photo-emf, 467 
Photoemission, 374 
Photorelay, 556 
Phototube, 368 
antimony-cesium, 461 
luminous characteristic of, 462 
oxygen-cesium, 461 
spectral characteristic of, 463 
spectral sensitivity characteristic 
of, 3 
Photon, 374 
Photoresistor, 465 
Phototransistor, 460 
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Photovoltaic cell, 467 
Photovoltaic effect, 460 
Physical neutral plane, 132 
Pick-ups, 256 
Piecewise-linear 
Pig-tails, 122 
Planck’s constant, 375 
Plate, 370 
Plate conductance, 380 
Plate dissipation, 382 
P-N transition region, 435 
Point test charge, 18 
Polarization, 67 
Polarization of dielectrics, 29 
Pole-shoes, 
Position control, 603 
Potential, 19 
excitation, 407 
ionization, 407 
Potential barrier, 373 
Potentiometecr, 256 
automatic, 260 
Powdered-dust core, 99 
Power, 47 
active, 169 
apparent, 177 
capacitive, 191 
design, 356 
equivalent, 313 
inductive, 191 
instantaneous, 168 
reactive, 172 
resistive, 169 
Power equation, 200 
Power factor, 177 
average, 204 
Power line, 344 
distribution, 344 
transmission, 344 
Power load, 357 
Power network, 344 
cable, 344 
distribution, 344 
internal, 344 
overhead, 344 
transmission, 344 
underground, 344 
Power rating, 356 
Power rectifier, gas-discharge, 423 
Power source, 39 
Power station, clectric, 261 
fuel-fired, 261 
hydro-, 261 
Power transmission line, 261 
Power triangle, 177 
Printer, 242 
Processor, 563 
Program sheet, 603 
Pulsating current, 442 
Pulsating voltage, 473 
Punch, card, 587 
tape, 587 
Punching, 121 


approximation, 380 


oa ature-axis armature 
128 
Quadrature flux, 132 


reaction, 
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Quadrature lagging, 189 

Quadrature leading, 174 

Quality factor, 191 

Quantity, continuous (analog), 241 
digital, 241 

Quantum, 21 

Quiescent current, 499 

Quiescent point, 499 


Radius of gyration, 130 
Radius of inertia, 130 
Radix, 565 
Range, instrument, 227 
Ratiometer, 
eclectrodynamic, 225 
movement of, 253 
moving-coil, 225 
Ratio of starting to rated torque, 293 
RC network, forced response of, 482 
free response of, 48 
time constant of, 484 
Reactance, inductive, 171 
Reactor, 276 
Readout device, 241 
Recombination, 408 
Ee oberoen of electron-hole pairs, 
Rectification, full-wave, 475 
half-wave, 471 
Rectification factor, 436 
Rectifier, 471 
full-wave bridge-type, 477 
gas, half-wave, 412 
germanium point-contact, 436 
mercury-arc, 423 
multi-anode metal-tank, 423 
semiconductor, 237 
silicon-controlled, 455 
single-phase metal-tank, 423 
three-phase, 479 
three-phase thyristor, 491 
thyristor, 489 
wve, 486 
Reference point, 206 
Reference vector, 165 
Register, 576 
Relay, 326 
acceleration, 335 
a.c. vacuum tube movable-con- 
tact, 551 
back-effect, 557 
d.c. RC-network timing, 552 
d.c. vacuum-tube movable-con- 
tact, 550 
electromagnetic current, 327 
electromechanical, 549 
electron-tube, 548 
front-effect, 557 
movable-contact, 549 
photoelectric, 548 
reset ratio of, 548 
solid-state, 548 
static, 549 
thermal, 328 
time, 327 
transistor, 554 


Index 


Release, overcurrent, 324 
reverse-current, 325 
undervoltage, 324 

Release mechanism, 324 

Release time, 328 

Reluctance, 92 

Remanence, 95 

Repulsion, 308 

Reset value, 548 

Residual emf, 140 

Residual induction, 95 

Resistance box, 250 
dial type, 250 
plug type, 250 

Resistance bridge, 250 

Resistance element, 319 

Resistivity, 42 

Resistor, 44 
equalizing, 4h 
gTid-leak, 510 
multirange series, 237 
single-range series, 237 

Resonance, current (parallel), 194 
voltage (series), 18 

Resonance curves, i193 

Resonant circuit, 191, 528 
parallel, lossless, 194 
parallel, lossy, 196 
parallel, quality factor of, 198 

Reverse current, 436 

Rheostat, 44 
control, 318 
liquid, "320 
metal, 320 
starting, 144, 318 

Right-hand coil rule, 80 

Right-hand screw rule, 78 

Right-hand wire rule, 104 

Ripple factor, 474 

Roller contact, 275 

Root-mean-square values, 160 

Rotor, 287 
nonsalient-pole, 305 
phase-wound, 287 

Route control, 601 


Safe operating area, 502 
Safety grounding, "364 
Saturation, 380 
Saturation’ current, 408 
Sawtooth voltage, "532 
Scale-plate, 228 
Scan, 544 
Screen, 538 
Screen’ phosphor, 541 
Screw base, 322 
Secondary-emission coefficient, 465 
Self-discharge, 
Self-discharge’ time constant, 485 
Self-inductance, 113 
Self-induction, ‘emf of, 113 
flux of, 14 
Semiconductor, 21 
intrinsic fee type), 432 
N-type, 433 
P-type, 433 
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Sensor, 256 
Series arrangement of capacitors, 26 
Series combination of resistances, 54 
Series-paralle! combination of resi- 
stances, 58 
Series resistor, 235 
Service entrance, 345 
Setting mechanism, 329 
Shading ring, 326 
Shading sleeve, 328 
Shifter, 575 
Short-circuit, 51 
Short-circuit current, 51 
Shunt, 234 
built-in, 236 
external, 236 
Siemens, 42 
Single-mesh circuit, 73 
Slide-wire, 260 
Slip, 289 
Smoothing factor, 486 
Solenoid, 10 
Space charge, 374 
Specific dielectric loss, 30 
Specific hysteresis loss, 97 
Spectral response, 463 
Speed, asynchronous, 289 
rotational, 128 
synchronous, 283 
Squirrel cage, 287 
Standard, 223 
reference, 223 
working, 223 
Starter, magnetic, 330 
magnetic, reversible, 331 
Starting, across-the-line, 150 
direct-on-line, 150 
Static (d.c.) resistance, 381 
Storage, backup, 582 
external, 564 
internal, 564 
Storage battery, lead-acid, 68 
Storage unit, 564 
Substation, step-down, 337 
Superposition theorem, 59 
Supervisory indication, 592 
Surface breakdown, 31 
Surface current, 43 
Surface resistance, 43 
Surface resistivity, unit of, 44 
Susceptance, 180 
Switch, control, 320 
control, camtype, 320 
dial, 
isolating, 340 
knife-blade, 315 
knife-blade, quick-break, 316 
master, 320 
packet, 317 
static, 458 
Switchgear, 339 
Switch starter, 320 
System, poly-phase, 205 
power, 261 
power transmission, 337 
primary a.c., 261 
secondary a.c., 261 
symmetrical, 206 
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three-phase, 205 
three-phase, four-wire, 207 
three-phase, six-wire, 207 
unsymmetrical, 206 


Tachometer, induction, 258 
Tap-changer, 273 
under-load, 273 
Taps, 273 
Telecontrol, 590 
Teleindication, 603 
Telemetry, 592 
eee: coefficient of resistance, 


Temperature compensation, 498 
Terminal, case, 225 
generator, 225 
grounding, 225 
Terrestrial field, 226 
Tesla, 85 
Test, no-load, 279 
short-circuit, 270 
Tetrad, 587 
Thermal current, 435 
Thermistor, 432 
Thermocouple, 238 
Thermometer, thermo-emf, 259 
Thyratron, 368, 409 
breakdown (grid-control starting) 
characteristic of, 415 
glow (cold-cathode), 421 
hot-cathode, 413 
Thyristor, 455 
diode, 458 
triode, 458 
Timer, 327 
Time-sequence control, 597 
Torque, 89 
control, 228 
driving, 130 
electromagnetic, 129 
internal, 129 
load, 130 
restoring, 228 
retarding, 130 
total, 129 
Track choke-transformer, 598 
Track occupancy indicator, 600 
Train of pulses, 567 
Transconductance, 391 
Transducer, 256 
bolometric, 256 
induction, 257 
modulating, 256 
photoelectric, 256 
photoelectronic, 257 
piezoelectric, 257 
potentiometric, 256 
self-generating, 256 
strain-gauge, 256 
thermocouple, 238 
thermocouple, contact type, 238 
thermocouple, insulated type, 238 
thermo-emf, 257 
variable-capacitance, 256 
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variable-inductance, 256 

variable-resistance, 256 
Transformer, 261 

arc welding, 275 

ees magnetic circuits, 


design secondary power of, 474 
efficiency of, 278 
impedance voltage of, 270 
input power of, 262 
instrument, 250 
instrument voltage, 237 
iron loss of, 265 
matching, 507 
multi-winding, 272 
no-load loss of power in, 265 
output power of, 262 
percent regulation of, 268 
power, 279 
primary power of, 262 
secondary power of, 262 
shell-type, 264 
single-phase, 262 
single-phase, design of, 262 
single-phase, operating principle 
of, 262 
step-down, 262 
step-up, 264 
three-phase, 205 
three-winding, 272 
transformation ratio of, 267 
eee substation, indoor type, 
3 
outdoor type, 339 
Transistor, 445 
junction, 446 
Transistor characteristics, 451 
Transistor circuit configurations, 448 
Transistor parameters, primary, 453 
secondary, 453 
Transmission, 310 
Trigger circuit, 549 
Trigger electrode, 421 
Trigger pulse, 490 
Triode, common-cathode double, 398 
double, 398 
parameter equation of, 394 
power-amplifying (modulator), 
398 


single, 398 
split-cathode double, 398 
static characteristics of, 388 
transmitting, 398 
vacuum, 368 
Trip mechanism, 324 
True value, 223 
Tube, cathode-ray, 368 ahaa 
A neenay display (indicator), 
3 


cathode-ray, electrostatic, 539 

cathode-ray, magnetically deflec- 
ted, 

cathode-ray, magnetically focused, 
546 

cathode-ray, oscilloscopic, 537 

cathode-ray, TV receiver, 537 

gas-filled, 368 

mercury-pool rectifier. 368 
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microminiature, 384 
miniature, 384 
multi-electrode, 386 
multi-grid, 405 
multiple-unit, 405 
numerical readout, 417 
photomultiplier, 464 
picture, 537 
rectifier, 379 | 
remote cut-off, 391 
sharp cut-off, 391 
thermionic, 368 
tube ratings, 383 
turbogenerator, 304 
turning moment, 89 
vacuum, 368 
variable-mu, 404 
VR, 409 


Uniform field, 19 
Uniform magnetic field, 78 


Vacuum, high (hard), 373 
Vacuum tetrode, 399 
Vacuum triode, 386 
Valve, 368 
Varhour-meter, 249 
Vector diagram, 164 
Vector group, 271 
Velocity, electric angular, 157 
Volt, 19 
Voltage, 19 
active, 173 
cut-off, 379 
inductive, 173 
maximum allowable percent, 359 
reactive, 173 
resistive, 173 
Voltage divider, 505 
Voltage drop, 39 
Voltage loss, 52 
Voltage regulation, 141 
Voltage regulator, 274 
Voltage triangle, 175 
Volt-ampere, 177 
Volt-ampere characteristic, 73 
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Volt-ampere reactive, 172 

Voltmeter, electrodynamic, 239 
ferrodynamic, 239 
moving-coil, 235 
moving-iron, 239 
rectifier-type, 237 
thermo-emf, 238 

Volume current, 43 

Volume resistance, 43 

Volume resistivity, unit of, 43 


Ward-Leonard system, 150 

Watt, 48 

Wattmetcr, clectrodynamic, 242 
ferrodynamic, 243 
three-unit, 244 
two-unit, 246 

Waveform, alternating current, 155 

Weber, 85 

Winding, armature, 121 
auxiliary starting, 299 
compensating, 132 
compole, 122 
excitation (field), 120 
high-voltage, 262 
low-voltage, 262 
main (running) starting, 299 
phase, 205 
polyphase, 287 
primary, 262 
rotor, currents in, 293 
rotor, impedance of, 291 
secondary, 262 
sense, 582 
series-wound, 122 
shunt-wound, 122 
squirrel-cage, 287 
stabilizing, 145 
three-phase, 282 
transformer, 262 
two-layer, 285 
write, 582 

Wiper, 256 

Wire, sense, 584 
write, 584 

Wiring, indoor, 348 

Work function, 373 
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